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Prerequisites

Before installing DiffEngine, please ensure that PyTorch has been successfully installed following the official guide [https://pytorch.org/get-started/locally/].



Installation

Below are quick steps for installation:

pip install git+https://github.com/okotaku/diffengine.git







Get Started

DiffEngine makes training easy through its pre-defined configs. These configs provide a streamlined way to start your training process. Here’s how you can get started using one of the pre-defined configs:


	Choose a config: You can find various pre-defined configs in the configs [https://github.com/okotaku/diffengine/tree/main/diffengine/configs] directory of the DiffEngine repository. For example, if you’re interested in training a model for DreamBooth using the Stable Diffusion algorithm, you can use the configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py].


	Start Training: Open a terminal and use the following command to start training with the chosen config:




diffengine train stable_diffusion_v15_dreambooth_lora_dog






	Monitor Progress and get results: The training process will begin, and you will see output similar to the provided example. You can monitor the progress of your training as it proceeds. The outputs of training is in work_dirs/${CONFIG_NAME}, work_dirs/stable_diffusion_v15_dreambooth_lora_dog in this case.




work_dirs/stable_diffusion_v15_dreambooth_lora_dog
├── 20230802_033741
|   ├── 20230802_033741.log  # log file
|   └── vis_data
|         ├── 20230802_033741.json  # log json file
|         ├── config.py  # config file for each experiment
|         └── vis_image  # visualized image from each step
├── step1199
|   └── pytorch_lora_weights.bin  # weight for inferencing with diffusers.pipeline
├── iter_1200.pth  # checkpoint from each step
├── last_checkpoint  # last checkpoint, it can be used for resuming
└── stable_diffusion_v15_dreambooth_lora_dog.py  # latest config file





An illustrative output example is provided below:

[image: img]


Example Notebook

[image: Open In Colab] [https://colab.research.google.com/gist/okotaku/cfca8baf57938f193c212dcb43c02fac/diffengine-example.ipynb]

For a more hands-on introduction to DiffEngine, you can run the Example Notebook on Colaboratory. This notebook demonstrates the process of training using SDV1.5 and SDV2.1 DreamBooth configurations.




Docker

Below are quick steps for installation and run dreambooth training by docker:

git clone https://github.com/okotaku/diffengine
cd diffengine
docker compose up -d
docker compose exec diffengine train stable_diffusion_v15_dreambooth_lora_dog








            

          

      

      

    

  

    
      
          
            
  
Learn about Configs

The config system has a modular and inheritance design, and more details can be found in
mmengine docs: CONFIG [https://mmengine.readthedocs.io/en/latest/advanced_tutorials/config.html#a-pure-python-style-configuration-file-beta].

Usually, we use python files as config file. All configuration files are placed under the configs [https://github.com/okotaku/diffengine/tree/main/diffengine/configs] folder, and the directory structure is as follows:

DiffEngine/diffengine/
    ├── configs/
    │   ├── _base_/                       # primitive configuration folder
    │   │   ├── datasets/                      # primitive datasets
    │   │   ├── models/                        # primitive models
    │   │   ├── schedules/                     # primitive schedules
    │   │   └── default_runtime.py             # primitive runtime setting
    │   ├── stable_diffusion/             # Stable Diffusion Algorithms Folder
    │   ├── stable_diffusion_xl/          # Stable Diffusion XL Algorithms Folder
    │   ├── ...
    └── ...






Config Structure

There are four kinds of basic component files in the configs/_base_ folders, namely：


	models [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/_base_/models]


	datasets [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/_base_/datasets]


	schedules [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/_base_/schedules]


	runtime [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/_base_/default_runtime.py]




We call all the config files in the _base_ folder as primitive config files. You can easily build your training config file by inheriting some primitive config files.

For easy understanding, we use stable_diffusion_v15_pokemon_blip config file [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion/stable_diffusion_v15_pokemon_blip.py] as an example and comment on each line.

from mmengine.config import read_base

with read_base():  # This config file will inherit all config files in `_base_`.
    from .._base_.datasets.pokemon_blip import *           # model settings
    from .._base_.default_runtime import *                 # data settings
    from .._base_.models.stable_diffusion_v15 import *     # schedule settings
    from .._base_.schedules.stable_diffusion_50e import *  # runtime settings





We will explain the four primitive config files separately below.


Model settings

This primitive config file includes a dict variable model, which mainly includes information such as network structure and loss function:

Usually, we use the type field to specify the class of the component and use other fields to pass
the initialization arguments of the class.

Following is the model primitive config of the stable_diffusion_v15 config file in configs/_base_/models/stable_diffusion_v15.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/_base_/models/stable_diffusion_v15.py]:

from diffusers import AutoencoderKL, DDPMScheduler, UNet2DConditionModel
from transformers import CLIPTextModel, CLIPTokenizer

from diffengine.models.editors import StableDiffusion

base_model = "runwayml/stable-diffusion-v1-5"  # pretrained model name of stable diffusion
model = dict(type=StableDiffusion,  # The type of the main model.
             model=base_model,
             tokenizer=dict(  # tokenizer settings
                type=CLIPTokenizer.from_pretrained,
                pretrained_model_name_or_path=base_model,
                subfolder="tokenizer"),
             scheduler=dict(  # scheduler settings
                type=DDPMScheduler.from_pretrained,
                pretrained_model_name_or_path=base_model,
                subfolder="scheduler"),
             text_encoder=dict(  # text encoder settings
                type=CLIPTextModel.from_pretrained,
                pretrained_model_name_or_path=base_model,
                subfolder="text_encoder"),
             vae=dict(  # vae settings
                type=AutoencoderKL.from_pretrained,
                pretrained_model_name_or_path=base_model,
                subfolder="vae"),
             unet=dict(  # unet settings
                type=UNet2DConditionModel.from_pretrained,
                pretrained_model_name_or_path=base_model,
                subfolder="unet"))








Data settings

This primitive config file includes information to construct the dataloader:

Following is the data primitive config of the stable_diffusion_v15 config in [configs/_base_/datasets/pokemon_blip.py]https://github.com/okotaku/diffengine/blob/main/diffengine/configs/base/datasets/pokemon_blip.py)：

import torchvision
from mmengine.dataset import DefaultSampler

from diffengine.datasets import HFDataset
from diffengine.datasets.transforms import (
    PackInputs,
    RandomCrop,
    RandomHorizontalFlip,
    TorchVisonTransformWrapper,
)
from diffengine.engine.hooks import SDCheckpointHook, VisualizationHook

train_pipeline = [  # augmentation settings
    dict(type=TorchVisonTransformWrapper,
         transform=torchvision.transforms.Resize,
         size=512, interpolation="bilinear"),
    dict(type=RandomCrop, size=512),
    dict(type=RandomHorizontalFlip, p=0.5),
    dict(type=TorchVisonTransformWrapper,
         transform=torchvision.transforms.ToTensor),
    dict(type=TorchVisonTransformWrapper,
         transform=torchvision.transforms.Normalize, mean=[0.5], std=[0.5]),
    dict(type=PackInputs),
]
train_dataloader = dict(
    batch_size=4,  # batch size
    num_workers=4,
    dataset=dict(
        type=HFDataset,  # The type of dataset
        dataset="lambdalabs/pokemon-blip-captions",  #  Dataset name or path.
        pipeline=train_pipeline),
    sampler=dict(type=DefaultSampler, shuffle=True),
)

val_dataloader = None
val_evaluator = None
test_dataloader = val_dataloader
test_evaluator = val_evaluator

custom_hooks = [
    dict(type=VisualizationHook, prompt=['yoda pokemon'] * 4),  # validation visualize prompt
    dict(type=SDCheckpointHook)
]







Schedule settings

This primitive config file mainly contains training strategy settings and the settings of training, val and
test loops:

Following is the schedule primitive config of the stable_diffusion_v15 config in configs/_base_/schedules/stable_diffusion_50e.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/_base_/schedules/stable_diffusion_50e.py]：

from mmengine.hooks import CheckpointHook
from mmengine.optim import AmpOptimWrapper
from torch.optim import AdamW

optim_wrapper = dict(
    type=AmpOptimWrapper, dtype="float16",  # fp16 optimization
    optimizer=dict(type=AdamW, lr=1e-5, weight_decay=1e-2),  # Use AdamW optimizer to optimize parameters.
    clip_grad=dict(max_norm=1.0))

# Training configuration, iterate 50 epochs.
# 'by_epoch=True' means to use `EpochBaseTrainLoop`, 'by_epoch=False' means to use IterBaseTrainLoop.
train_cfg = dict(by_epoch=True, max_epochs=50)
val_cfg = None
test_cfg = None

default_hooks = dict(
    # save checkpoint per epoch and keep 3 checkpoints.
    checkpoint=dict(
        type=CheckpointHook,
        interval=1,
        max_keep_ckpts=3,
    ))







Runtime settings

This part mainly includes saving the checkpoint strategy, log configuration, training parameters, breakpoint weight path, working directory, etc.

Here is the runtime primitive config file ‘configs/base/default_runtime.py’ [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/_base_/default_runtime.py] file used by almost all configs:

default_scope = 'diffengine'

# configure environment
env_cfg = dict(
    # whether to enable cudnn benchmark
    cudnn_benchmark=False,

    # set multi-process parameters
    mp_cfg=dict(mp_start_method='fork', opencv_num_threads=4),

    # set distributed parameters
    dist_cfg=dict(backend='nccl'),
)

load_from = None
resume = False
randomness = dict(seed=None, deterministic=False)








Inherit and Modify Config File

For easy understanding, we recommend contributors inherit from existing config files. But do not abuse the
inheritance. Usually, for all config files, we recommend the maximum inheritance level is 3.

For example, if your config file is based on ResNet with some other modification, you can first inherit the
basic stable_diffusion_v15_pokemon_blip structure, dataset and other training settings by specifying _base_ ='./stable_diffusion_v15_pokemon_blip.py'
(The path relative to your config file), and then modify the necessary parameters in the config file. A more
specific example, now we want to use almost all configs in configs/stable_diffusion/stable_diffusion_v15_pokemon_blip.py, but changing the number of training epochs from 50 to 300, modify pretrained model, modify
the learning rate schedule, and modify the dataset path, you can create a new config file
configs/stable_diffusion/stable_diffusion_v15_pokemon_blip-300e.py with content as below:

from mmengine.config import read_base

with read_base():  # This config file will inherit all config files in `_base_`.
    from diffengine.configs.stable_diffusion.stable_diffusion_v15_pokemon_blip import * 

# trains more epochs
train_cfg.update(max_epochs=300)  # Train for 300 epochs
param_scheduler = [
    dict(
        type='LinearLR',
        start_factor=1e-3,
        by_epoch=True,
        begin=0,
        end=5,
        convert_to_iter_based=True),
    dict(
        type='CosineAnnealingLR',
        T_max=295,
        eta_min=1e-5,
        by_epoch=True,
        begin=5,
        end=300)
]

# Use your own dataset directory
train_dataloader.update(
    dataset=dict(dataset='mydata/pokemon-blip-captions'),
)







Acknowledgement
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Prepare Dataset


Finetune


	Prepare metadata.csv and images.




The folder structure is

data/example
├── color.jpg
├── ...
└── metadata.csv





Example of metadata.csv.

file_name,text
color.jpg,"a dog"






	Fix dataset config.




train_dataloader = dict(
    ...
    dataset=dict(
        ...
        dataset="data/example",
        image_column="file_name",
        csv="metadata.csv",
        ...
        )
    ...
)






	Run training.






DreamBooth


	Prepare images.




The folder structure is

data/example
├── dog1.jpg
├── ...
└── dog5.jpg






	Fix dataset config.




train_dataloader = dict(
    ...
    dataset=dict(
        ...
        dataset="data/example",
        )
    ...
)






	Run training.






ControlNet


	Prepare metadata.csv and images.




The folder structure is

data/example
├── images
|   └──  color.jpg
├── condition_images
|   └──  color_keypoint.jpg
└── metadata.csv





Example of metadata.csv.

file_name,conditioning_image,text
images/color.jpg,condition_images/color_keypoint.jpg,"a dog"






	Fix dataset config.




train_dataloader = dict(
    ...
    dataset=dict(
        ...
        dataset="data/example",
        image_column="file_name",
        condition_column="conditioning_image",
        caption_column="text",
        csv="metadata.csv",
        ...
        )
    ...
)






	Run training.








            

          

      

      

    

  

    
      
          
            
  
Aspect Ratio Bucketing

Training with aspect ratio bucketing can greatly improve the quality of outputs.
For more details, you can check NovelAI Aspect Ratio Bucketing [https://github.com/NovelAI/novelai-aspect-ratio-bucketing].


Finetune

To use Aspect Ratio Bucketing in finetune, you need to follow these steps:


	Fix the dataset config.




Change torchvision/Resize and RandomCrop to MultiAspectRatioResizeCenterCrop. Also, use AspectRatioBatchSampler.

train_pipeline = [
    dict(type=SaveImageShape),
    dict(type=MultiAspectRatioResizeCenterCrop,
         sizes=[
             [640, 1536], [768, 1344], [832, 1216], [896, 1152],
             [1024, 1024], [1152, 896], [1216, 832], [1344, 768], [1536, 640]
             ],
         interpolation='bilinear'),
    dict(type=RandomHorizontalFlip, p=0.5),
    dict(type=ComputeTimeIds),
    dict(type=TorchVisonTransformWrapper, transform=torchvision.transforms.ToTensor),
    dict(type=TorchVisonTransformWrapper, transform=torchvision.transforms.Normalize, mean=[0.5], std=[0.5]),
    dict(type=PackInputs, input_keys=["img", "text", "time_ids"]),
]
train_dataloader = dict(
    ...
    dataset=dict(
        ...
        pipeline=train_pipeline),
    sampler=dict(type=DefaultSampler, shuffle=True),
    batch_sampler=dict(type=AspectRatioBatchSampler),
)






	Run training.






ControlNet

To use Aspect Ratio Bucketing in ControlNet, you need to follow these steps:


	Fix dataset config.




train_pipeline = [
    dict(type=SaveImageShape),
    dict(
        type=MultiAspectRatioResizeCenterCrop,
        sizes=[
             [640, 1536], [768, 1344], [832, 1216], [896, 1152],
             [1024, 1024], [1152, 896], [1216, 832], [1344, 768], [1536, 640]
             ],
        interpolation='bilinear',
        keys=["img", "condition_img"]),
    dict(type=RandomHorizontalFlip, p=0.5, keys=["img", "condition_img"]),
    dict(type=ComputeTimeIds),
    dict(type=TorchVisonTransformWrapper, transform=torchvision.transforms.ToTensor, keys=["img", "condition_img"]),
    dict(type=DumpImage, max_imgs=10, dump_dir="work_dirs/dump"),
    dict(type=TorchVisonTransformWrapper, transform=torchvision.transforms.Normalize, mean=[0.5], std=[0.5]),
    dict(
        type=PackInputs,
        input_keys=["img", "condition_img", "text", "time_ids"]),
]
train_dataloader = dict(
    ...
    dataset=dict(
        ...
        pipeline=train_pipeline),
    sampler=dict(type=DefaultSampler, shuffle=True),
    batch_sampler=dict(type=AspectRatioBatchSampler),
)






	Run training.








            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion Training

You can also check configs/stable_diffusion/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion] folder.

Following is the example config fixed from the stable_diffusion_v15_pokemon_blip config file in configs/stable_diffusion/stable_diffusion_v15_pokemon_blip.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion/stable_diffusion_v15_pokemon_blip.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15 import *
    from .._base_.schedules.stable_diffusion_50e import *






Finetuning the text encoder and UNet

The script also allows you to finetune the text_encoder along with the unet.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15 import *
    from .._base_.schedules.stable_diffusion_50e import *

model.update(finetune_text_encoder=True)  # fine tune text encoder





We also provide configs/stable_diffusion/stable_diffusion_v15_textencoder_pokemon_blip.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion/stable_diffusion_v15_textencoder_pokemon_blip.py] as a whole config.



Finetuning with Unet EMA

The script also allows you to finetune with Unet EMA.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15 import *
    from .._base_.schedules.stable_diffusion_50e import *

custom_hooks = [  # Hook is list, we should write all custom_hooks again.
    dict(type=VisualizationHook, prompt=['yoda pokemon'] * 4),
    dict(type=SDCheckpointHook),
    dict(type=UnetEMAHook, momentum=1e-4, priority='ABOVE_NORMAL')  # setup EMA Hook
]





We also provide configs/stable_diffusion/stable_diffusion_v15_ema_pokemon_blip.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion/stable_diffusion_v15_ema_pokemon_blip.py] as a whole config.



Finetuning with Min-SNR Weighting Strategy

The script also allows you to finetune with Min-SNR Weighting Strategy [https://arxiv.org/abs/2303.09556].

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15 import *
    from .._base_.schedules.stable_diffusion_50e import *

model.update(loss=dict(type='SNRL2Loss', snr_gamma=5.0, loss_weight=1.0))  # setup Min-SNR Weighting Strategy





We also provide configs/min_snr_loss/stable_diffusion_v15_snr_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/min_snr_loss/stable_diffusion_v15_snr_pokemon_blip.py] as a whole config.




Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_v15_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert stable_diffusion_v15_pokemon_blip work_dirs/stable_diffusion_v15_pokemon_blip/epoch_50.pth work_dirs/stable_diffusion_v15_pokemon_blip --save-keys unet





Then we can run inference.

import torch
from diffusers import DiffusionPipeline, UNet2DConditionModel

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/stable_diffusion_v15_pokemon_blip'

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', unet=unet, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Inference Text Encoder and Unet finetuned weight with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert stable_diffusion_v15_textencoder_pokemon_blip work_dirs/stable_diffusion_v15_textencoder_pokemon_blip/epoch_50.pth work_dirs/stable_diffusion_v15_textencoder_pokemon_blip --save-keys unet text_encoder





Then we can run inference.

import torch
from transformers import CLIPTextModel
from diffusers import DiffusionPipeline, UNet2DConditionModel

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/stable_diffusion_v15_pokemon_blip'

text_encoder = CLIPTextModel.from_pretrained(
            checkpoint,
            subfolder='text_encoder',
            torch_dtype=torch.float16)
unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', unet=unet, text_encoder=text_encoder, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_v15_pokemon_blip

[image: example1]

You can check configs/stable_diffusion/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion XL Training

You can also check configs/stable_diffusion_xl/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_xl [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion_xl] folder.

Following is the example config fixed from the stable_diffusion_xl_pokemon_blip config file in configs/stable_diffusion_xl/stable_diffusion_xl_pokemon_blip.py [https://github.com/okotaku/diffengine/blob/main/diffengine/configs/stable_diffusion_xl/stable_diffusion_xl_pokemon_blip.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl import *
    from .._base_.schedules.stable_diffusion_xl_50e import *


train_dataloader.update(batch_size=1)  # Because of GPU memory limit

optim_wrapper.update(accumulative_counts=4)  # update every four times






Finetuning the text encoder and UNet

The script also allows you to finetune the text_encoder along with the unet.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl import *
    from .._base_.schedules.stable_diffusion_xl_50e import *


train_dataloader.update(batch_size=1)  # Because of GPU memory limit

optim_wrapper.update(accumulative_counts=4)  # update every four times

model.update(finetune_text_encoder=True)  # fine tune text encoder







Finetuning with Unet EMA

The script also allows you to finetune with Unet EMA.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl import *
    from .._base_.schedules.stable_diffusion_xl_50e import *


train_dataloader.update(batch_size=1)  # Because of GPU memory limit

optim_wrapper.update(accumulative_counts=4)  # update every four times

custom_hooks = [  # Hook is list, we should write all custom_hooks again.
    dict(type=VisualizationHook, prompt=['yoda pokemon'] * 4),
    dict(type=SDCheckpointHook),
    dict(type=UnetEMAHook, momentum=1e-4, priority='ABOVE_NORMAL')  # setup EMA Hook
]







Finetuning with Min-SNR Weighting Strategy

The script also allows you to finetune with Min-SNR Weighting Strategy [https://arxiv.org/abs/2303.09556].

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl import *
    from .._base_.schedules.stable_diffusion_xl_50e import *


train_dataloader.update(batch_size=1)  # Because of GPU memory limit

optim_wrapper.update(accumulative_counts=4)  # update every four times

model.update(loss=dict(type='SNRL2Loss', snr_gamma=5.0, loss_weight=1.0))  # setup Min-SNR Weighting Strategy








Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_xl_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert stable_diffusion_xl_pokemon_blip work_dirs/stable_diffusion_xl_pokemon_blip/epoch_50.pth work_dirs/stable_diffusion_xl_pokemon_blip --save-keys unet





Then we can run inference.

import torch
from diffusers import DiffusionPipeline, UNet2DConditionModel, AutoencoderKL

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/stable_diffusion_xl_pokemon_blip'

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', unet=unet, vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
    height=1024,
    width=1024,
).images[0]
image.save('demo.png')







Inference Text Encoder and Unet finetuned weight with diffusers

Todo



Results Example


stable_diffusion_xl_pokemon_blip

[image: example1]

You can check configs/stable_diffusion_xl/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion DremBooth Training

You can also check configs/stable_diffusion_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_dreambooth [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/] folder.


Finetuning the text encoder and UNet

The script also allows you to finetune the text_encoder along with the unet.
Following is the example config fixed from the stable_diffusion_v15_dreambooth_lora_dog config file in configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_lora import *
    from .._base_.schedules.stable_diffusion_1k import *


train_dataloader.update(
    dataset=dict(class_image_config=dict(model=model.model)))







Finetuning with Full Parameters (without LoRA)

The script also allows you to finetune full parameters.
Following is the example config fixed from the stable_diffusion_v15_dreambooth_lora_dog config file in configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15 import *
    from .._base_.schedules.stable_diffusion_1k import *


train_dataloader.update(
    dataset=dict(class_image_config=dict(model=model.model)))







Finetuning without prior-preserving loss

The script also allows you to finetune without prior-preserving loss.
Following is the example config fixed from the stable_diffusion_v15_dreambooth_lora_dog config file in configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/stable_diffusion_v15_dreambooth_lora_dog.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_lora import *
    from .._base_.schedules.stable_diffusion_1k import *


train_dataloader.update(
    dataset=dict(class_image_config=dict(model=model.model)),
        class_prompt=None)  # class_prompt=None means training without prior-preserving loss








Run DreamBooth training

Run DreamBooth train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_v15_dreambooth_lora_dog

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline
from peft import PeftModel

checkpoint = Path('work_dirs/stable_diffusion_v15_dreambooth_lora_dog/step999')
prompt = 'A photo of sks dog in a bucket'

pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder").exists():
    pipe.text_encoder = PeftModel.from_pretrained(
        pipe.text_encoder, checkpoint / "text_encoder", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=50
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_v15_dreambooth_lora_dog

[image: examplev15]

You can check configs/stable_diffusion_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_dreambooth/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion XL DremBooth Training

You can also check configs/stable_diffusion_xl_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_dreambooth/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_xl_dreambooth [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_dreambooth/] folder.

Following is the example config fixed from the stable_diffusion_xl_dreambooth_lora_dog config file in configs/stable_diffusion_xl_dreambooth/stable_diffusion_xl_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_dreambooth/stable_diffusion_xl_dreambooth_lora_dog.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_lora import *
    from .._base_.schedules.stable_diffusion_500 import *






Finetuning the text encoder and UNet

The script also allows you to finetune the text_encoder along with the unet.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_lora import *
    from .._base_.schedules.stable_diffusion_500 import *


model.update(finetune_text_encoder=True)  # fine tune text encoder







Finetuning with Full Parameters (without LoRA)

The script also allows you to finetune full parameters.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl import *
    from .._base_.schedules.stable_diffusion_500 import *







Finetuning with prior-preserving loss

The script also allows you to finetune with prior-preserving loss.

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_lora import *
    from .._base_.schedules.stable_diffusion_500 import *


train_dataloader.update(
    dataset=dict(
        class_image_config=dict(model=model.model),
        class_prompt='a photo of dog'),  # class_prompt=str means training with prior-preserving loss
)








Run DreamBooth training

Run DreamBooth train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_xl_dreambooth_lora_dog

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline, AutoencoderKL
from peft import PeftModel

checkpoint = Path('work_dirs/stable_diffusion_xl_dreambooth_lora_dog/step499')
prompt = 'A photo of sks dog in a bucket'

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder_one").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_one, checkpoint / "text_encoder_one", adapter_name="default"
    )
if (checkpoint / "text_encoder_two").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_two, checkpoint / "text_encoder_two", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=50,
    height=1024,
    width=1024,
).images[0]
image.save('demo.png')





You can check inference docs for inferencing other settings like Full Parameter Training without LoRA.



Results Example


stable_diffusion_xl_dreambooth_lora_dog

[image: exampledog]

You can check configs/stable_diffusion_xl_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_dreambooth/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion LoRA Training

You can also check configs/stable_diffusion_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_lora/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_lora [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_lora/] folder.

Following is the example config fixed from the stable_diffusion_v15_lora_pokemon_blip config file in configs/stable_diffusion_lora/stable_diffusion_v15_lora_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_lora/stable_diffusion_v15_lora_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_lora import *
    from .._base_.schedules.stable_diffusion_50e import *

model.update(unet_lora_config=dict(r=32,
        lora_alpha=32))

custom_hooks = [
    dict(type=VisualizationHook, prompt=["yoda pokemon"] * 4),
    dict(type=PeftSaveHook),  # Need to change from SDCheckpointHook
]






Finetuning the text encoder and UNet with LoRA

The script also allows you to finetune the text_encoder along with the unet, LoRA [https://arxiv.org/abs/2106.09685] parameters.

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_lora_textencoder import *
    from .._base_.schedules.stable_diffusion_50e import *


model.update(
    unet_lora_config=dict(r=32,
        lora_alpha=32),
    text_encoder_lora_config=dict(r=32,
        lora_alpha=32))

custom_hooks = [
    dict(type=VisualizationHook, prompt=["yoda pokemon"] * 4),
    dict(type=PeftSaveHook),  # Need to change from SDCheckpointHook
]





We also provide configs/_base_/models/stable_diffusion_v15_lora_textencoder.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/_base_/models/stable_diffusion_v15_lora_textencoder.py] as a base config and configs/stable_diffusion/stable_diffusion_v15_lora_textencoder_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion/stable_diffusion_v15_lora_textencoder_pokemon_blip.py] as a whole config.




Run LoRA training

Run LoRA training:

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_v15_lora_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline
from peft import PeftModel

checkpoint = Path('work_dirs/stable_diffusion_v15_lora_pokemon_blip/step10450')
prompt = 'yoda pokemon'

pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder").exists():
    pipe.text_encoder = PeftModel.from_pretrained(
        pipe.text_encoder, checkpoint / "text_encoder", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_v15_lora_pokemon_blip

[image: example1]

You can check configs/stable_diffusion_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_lora/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion XL LoRA Training

You can also check configs/stable_diffusion_xl_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_lora/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_xl_lora [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_lora/] folder.

Following is the example config fixed from the stable_diffusion_xl_lora_pokemon_blip config file in configs/stable_diffusion_xl_lora/stable_diffusion_xl_lora_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_lora/stable_diffusion_xl_lora_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_lora import *
    from .._base_.schedules.stable_diffusion_50e import *


custom_hooks = [
    dict(
        type=VisualizationHook,
        prompt=["yoda pokemon"] * 4,
        height=1024,
        width=1024),
    dict(type=PeftSaveHook),  # Need to change from SDCheckpointHook
]






Finetuning the text encoder and UNet with LoRA

The script also allows you to finetune the text_encoder along with the unet, LoRA [https://arxiv.org/abs/2106.09685] parameters.

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_lora import *
    from .._base_.schedules.stable_diffusion_50e import *

model.update(
    text_encoder_lora_config=dict(  # set LoRA and rank parameter
                type="LoRA", r=4,
                target_modules=["q_proj", "k_proj", "v_proj", "out_proj"]),
    finetune_text_encoder=True  # fine tune text encoder
)

custom_hooks = [
    dict(
        type=VisualizationHook,
        prompt=["yoda pokemon"] * 4,
        height=1024,
        width=1024),
    dict(type=PeftSaveHook),  # Need to change from SDCheckpointHook
]








Run LoRA training

Run LoRA training:

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_xl_lora_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline, AutoencoderKL
from peft import PeftModel

checkpoint = Path('work_dirs/stable_diffusion_xl_lora_pokemon_blip/step20850')
prompt = 'yoda pokemon'

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder_one").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_one, checkpoint / "text_encoder_one", adapter_name="default"
    )
if (checkpoint / "text_encoder_two").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_two, checkpoint / "text_encoder_two", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=50,
    height=1024,
    width=1024,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_xl_lora_pokemon_blip

[image: example1]

You can check configs/stable_diffusion_xl_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_lora/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion ControlNet Training

You can also check configs/stable_diffusion_controlnet/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_controlnet/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_controlnet [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_controlnet/] folder.

Following is the example config fixed from the stable_diffusion_v15_controlnet_fill50k config file in configs/stable_diffusion_controlnet/stable_diffusion_v15_controlnet_fill50k.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_controlnet/stable_diffusion_v15_controlnet_fill50k.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.fill50k_controlnet import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_controlnet import *
    from .._base_.schedules.stable_diffusion_1e import *






Finetuning with Min-SNR Weighting Strategy

The script also allows you to finetune with Min-SNR Weighting Strategy [https://arxiv.org/abs/2303.09556].

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.fill50k_controlnet import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_v15_controlnet import *
    from .._base_.schedules.stable_diffusion_1e import *


model.update(loss=dict(type='SNRL2Loss', snr_gamma=5.0, loss_weight=1.0))  # setup Min-SNR Weighting Strategy








Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_v15_controlnet_fill50k

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

import torch
from diffusers import StableDiffusionControlNetPipeline, ControlNetModel
from diffusers.utils import load_image

checkpoint = 'work_dirs/stable_diffusion_v15_controlnet_fill50k/step6250'
prompt = 'cyan circle with brown floral background'
condition_image = load_image(
    'https://github.com/okotaku/diffengine/assets/24734142/1af9dbb0-b056-435c-bc4b-62a823889191'
)

controlnet = ControlNetModel.from_pretrained(
        checkpoint, subfolder='controlnet', torch_dtype=torch.float16)
pipe = StableDiffusionControlNetPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', controlnet=controlnet, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    condition_image,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_v15_controlnet_fill50k

[image: input1]

[image: example1]

You can check configs/stable_diffusion_controlnet/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_controlnet/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Stable Diffusion XL ControlNet Training

You can also check configs/stable_diffusion_xl_controlnet/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_controlnet/README.md] file.


Configs

All configuration files are placed under the configs/stable_diffusion_xl_controlnet [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_controlnet/] folder.

Following is the example config fixed from the stable_diffusion_xl_controlnet_fill50k config file in configs/stable_diffusion_xl_controlnet/stable_diffusion_xl_controlnet_fill50k.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_controlnet/stable_diffusion_xl_controlnet_fill50k.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.fill50k_controlnet_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_controlnet import *
    from .._base_.schedules.stable_diffusion_1e import *


optim_wrapper.update(
    optimizer=dict(lr=1e-5),
    accumulative_counts=2,
)






Finetuning with Min-SNR Weighting Strategy

The script also allows you to finetune with Min-SNR Weighting Strategy [https://arxiv.org/abs/2303.09556].

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.fill50k_controlnet_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_controlnet import *
    from .._base_.schedules.stable_diffusion_1e import *


optim_wrapper.update(
    optimizer=dict(lr=1e-5),
    accumulative_counts=2,
)

model.update(loss=dict(type='SNRL2Loss', snr_gamma=5.0, loss_weight=1.0))  # setup Min-SNR Weighting Strategy








Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train stable_diffusion_xl_controlnet_fill50k

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

import torch
from diffusers import StableDiffusionXLControlNetPipeline, ControlNetModel, AutoencoderKL
from diffusers.utils import load_image

checkpoint = 'work_dirs/stable_diffusion_xl_controlnet_fill50k/step25000'
prompt = 'cyan circle with brown floral background'
condition_image = load_image(
    'https://github.com/okotaku/diffengine/assets/24734142/1af9dbb0-b056-435c-bc4b-62a823889191'
).resize((1024, 1024))

controlnet = ControlNetModel.from_pretrained(
        checkpoint, subfolder='controlnet', torch_dtype=torch.float16)

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = StableDiffusionXLControlNetPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', controlnet=controlnet, vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    condition_image,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_xl_controlnet_fill50k

[image: input1]

[image: example1]

You can check configs/stable_diffusion_xl_controlnet/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/stable_diffusion_xl_controlnet/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
InstructPix2Pix Training

You can also check configs/instruct_pix2pix/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/instruct_pix2pix/README.md] file.


Configs

All configuration files are placed under the configs/instruct_pix2pix [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/instruct_pix2pix/] folder.

Following is the example config fixed from the stable_diffusion_xl_instruct_pix2pix config file in configs/instruct_pix2pix/stable_diffusion_xl_instruct_pix2pix.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/instruct_pix2pix/stable_diffusion_xl_instruct_pix2pix.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.instructpix2pix_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_instruct_pix2pix import *
    from .._base_.schedules.stable_diffusion_3e import *


optim_wrapper.update(
    optimizer=dict(
        type="Adafactor",
        lr=3e-5,
        weight_decay=1e-2,
        scale_parameter=False,
        relative_step=False),
    accumulative_counts=4)







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example
$ diffengine train stable_diffusion_xl_instruct_pix2pix







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert stable_diffusion_xl_instruct_pix2pix work_dirs/stable_diffusion_xl_instruct_pix2pix/epoch_3.pth work_dirs/stable_diffusion_xl_instruct_pix2pix --save-keys unet





Then we can run inference.

import torch
from diffusers import StableDiffusionXLInstructPix2PixPipeline, UNet2DConditionModel, AutoencoderKL
from diffusers.utils import load_image

checkpoint = 'work_dirs/stable_diffusion_xl_instruct_pix2pix'
prompt = 'make the mountains snowy'
condition_image = load_image(
    'https://huggingface.co/datasets/diffusers/diffusers-images-docs/resolve/main/mountain.png'
).resize((1024, 1024))

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = StableDiffusionXLInstructPix2PixPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', unet=unet, vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    image=condition_image,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_xl_instruct_pix2pix

[image: input1]

[image: example1]

You can check configs/instruct_pix2pix/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/instruct_pix2pix/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
IP-Adapter Training

You can also check configs/ip_adapter/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/ip_adapter/README.md] file.


Configs

All configuration files are placed under the configs/ip_adapter [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/ip_adapter/] folder.

Following is the example config fixed from the stable_diffusion_xl_pokemon_blip_ip_adapter config file in configs/ip_adapter/stable_diffusion_xl_pokemon_blip_ip_adapter.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/ip_adapter/stable_diffusion_xl_pokemon_blip_ip_adapter.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_xl_ip_adapter import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_ip_adapter import *
    from .._base_.schedules.stable_diffusion_xl_50e import *


train_dataloader.update(batch_size=1)

optim_wrapper.update(accumulative_counts=4)  # update every four times







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example.
$ diffengine train stable_diffusion_xl_pokemon_blip_ip_adapter







Inference with diffengine

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffengine module.

import torch
from diffusers import DiffusionPipeline, AutoencoderKL
from diffusers.utils import load_image
from transformers import CLIPVisionModelWithProjection

prompt = ''

image_encoder = CLIPVisionModelWithProjection.from_pretrained(
    "h94/IP-Adapter",
    subfolder="sdxl_models/image_encoder",
    torch_dtype=torch.float16,
).to('cuda')
vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0',
    image_encoder=image_encoder,
    vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')
pipe.load_ip_adapter("work_dirs/stable_diffusion_xl_pokemon_blip_ip_adapter/step41650", subfolder="", weight_name="ip_adapter.bin")

image = load_image("https://github.com/LambdaLabsML/examples/blob/main/stable-diffusion-finetuning/README_files/README_2_0.png?raw=true")

image = pipe(
    prompt,
    ip_adapter_image=image,
    height=1024,
    width=1024,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_xl_pokemon_blip_ip_adapter

[image: input1]

[image: example1]






            

          

      

      

    

  

    
      
          
            
  
Kandinsky 2.2 Training

You can also check configs/kandinsky_v22/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/kandinsky_v22/README.md] file.


Configs

All configuration files are placed under the configs/kandinsky_v22 [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/kandinsky_v22/] folder.

Following is the example config fixed from the kandinsky_v22_prior_pokemon_blip config file in configs/kandinsky_v22/kandinsky_v22_prior_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/kandinsky_v22/kandinsky_v22_prior_pokemon_blip.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_kandinsky_prior import *
    from .._base_.default_runtime import *
    from .._base_.models.kandinsky_v22_prior import *
    from .._base_.schedules.stable_diffusion_50e import *







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example
$ diffengine train kandinsky_v22_prior_pokemon_blip







Inference prior with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

import torch
from diffusers import AutoPipelineForText2Image, PriorTransformer

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/kandinsky_v22_prior_pokemon_blip/step10450'

prior = PriorTransformer.from_pretrained(
    checkpoint, subfolder="prior",
)
pipe = AutoPipelineForText2Image.from_pretrained(
    "kandinsky-community/kandinsky-2-2-decoder",
    prior_prior=prior,
    torch_dtype=torch.float32,
)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
    width=512,
    height=512,
).images[0]
image.save('demo.png')







Inference decoder with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert kandinsky_v22_decoder_pokemon_blip work_dirs/kandinsky_v22_decoder_pokemon_blip/epoch_50.pth work_dirs/kandinsky_v22_decoder_pokemon_blip --save-keys unet





Then we can run inference.

import torch
from diffusers import AutoPipelineForText2Image, UNet2DConditionModel

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/kandinsky_v22_decoder_pokemon_blip'

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet')
pipe = AutoPipelineForText2Image.from_pretrained(
    "kandinsky-community/kandinsky-2-2-decoder",
    unet=unet,
    torch_dtype=torch.float32,
)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
    width=768,
    height=768,
).images[0]
image.save('demo.png')







Results Example


kandinsky_v22_prior_pokemon_blip

[image: example1]

You can check configs/kandinsky_v22/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/kandinsky_v22/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Latent Consistency Models Training

You can also check configs/lcm_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm_lora/README.md] file.


Configs

All configuration files are placed under the configs/lcm_lora [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm_lora/] folder.

Following is the example config fixed from the lcm_xl_lora_pokemon_blip config file in configs/lcm_lora/lcm_xl_lora_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm_lora/lcm_xl_lora_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip_xl_pre_compute import *
    from .._base_.default_runtime import *
    from .._base_.models.lcm_xl_lora import *
    from .._base_.schedules.lcm_xl_50e import *


train_dataloader.update(batch_size=2)

optim_wrapper.update(
    optimizer=dict(lr=1e-5),
    accumulative_counts=2)

custom_hooks = [
    dict(
        type=VisualizationHook,
        prompt=["yoda pokemon"] * 4,
        height=1024,
        width=1024),
    dict(type=PeftSaveHook),
]







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train lcm_xl_lora_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline, AutoencoderKL, LCMScheduler
from peft import PeftModel

checkpoint = Path('work_dirs/lcm_xl_lora_pokemon_blip/step20850')
prompt = 'yoda pokemon'

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', vae=vae,
    scheduler=LCMScheduler.from_pretrained(
      'stabilityai/stable-diffusion-xl-base-1.0', subfolder="scheduler"),
    torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder_one").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_one, checkpoint / "text_encoder_one", adapter_name="default"
    )
if (checkpoint / "text_encoder_two").exists():
    pipe.text_encoder_one = PeftModel.from_pretrained(
        pipe.text_encoder_two, checkpoint / "text_encoder_two", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=4,
    guidance_scale=1.0,
    height=1024,
    width=1024,
).images[0]
image.save('demo.png')







Results Example


lcm_xl_lora_pokemon_blip

[image: example1]

You can check configs/lcm_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm_lora/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Latent Consistency Models Training

You can also check configs/lcm/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm/README.md] file.


Configs

All configuration files are placed under the configs/lcm [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm/] folder.

Following is the example config fixed from the lcm_xl_pokemon_blip config file in configs/lcm/lcm_xl_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm/lcm_xl_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import (
    LCMEMAUpdateHook,
    SDCheckpointHook,
    VisualizationHook,
)

with read_base():
    from .._base_.datasets.pokemon_blip_xl_pre_compute import *
    from .._base_.default_runtime import *
    from .._base_.models.lcm_xl import *
    from .._base_.schedules.lcm_xl_50e import *


train_dataloader.update(batch_size=2)

optim_wrapper.update(accumulative_counts=2)  # update every four times

custom_hooks = [
    dict(
        type=VisualizationHook,
        prompt=["yoda pokemon"] * 4,
        height=1024,
        width=1024),
    dict(type=SDCheckpointHook),
    dict(type=LCMEMAUpdateHook),
]







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train lcm_xl_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert lcm_xl_pokemon_blip work_dirs/lcm_xl_pokemon_blip/epoch_50.pth work_dirs/lcm_xl_pokemon_blip --save-keys unet





Then we can run inference.

import torch
from diffusers import DiffusionPipeline, AutoencoderKL, LCMScheduler, UNet2DConditionModel

checkpoint = 'work_dirs/lcm_xl_pokemon_blip'
prompt = 'yoda pokemon'

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = DiffusionPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0',
    unet=unet,
    scheduler=LCMScheduler.from_pretrained(
      "stabilityai/stable-diffusion-xl-base-1.0", subfolder="scheduler"),
    vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=4,
    height=1024,
    width=1024,
    guidance_scale=1.0,
).images[0]
image.save('demo.png')







Results Example


lcm_xl_pokemon_blip

[image: example1]

You can check configs/lcm/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/lcm/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
PixArt-α DremBooth Training

You can also check configs/pixart_alpha_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_dreambooth/README.md] file.


Configs

All configuration files are placed under the configs/pixart_alpha_dreambooth [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_dreambooth/] folder.

Following is the example config fixed from the pixart_alpha_1024_dreambooth_lora_dog config file in configs/pixart_alpha_dreambooth/pixart_alpha_1024_dreambooth_lora_dog.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_dreambooth/pixart_alpha_1024_dreambooth_lora_dog.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.dog_dreambooth_pixart_1024 import *
    from .._base_.default_runtime import *
    from .._base_.models.pixart_alpha_1024_lora import *
    from .._base_.schedules.stable_diffusion_500 import *

train_dataloader.update(
    dataset=dict(class_image_config=dict(model=model.model)))

optim_wrapper.update(
    dtype="bfloat16",
    optimizer=dict(lr=1e-4))







Run DreamBooth training

Run DreamBooth train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example.
$ diffengine train pixart_alpha_1024_dreambooth_lora_dog







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import PixArtAlphaPipeline, AutoencoderKL
from peft import PeftModel

checkpoint = Path('work_dirs/pixart_alpha_1024_dreambooth_lora_dog/step499')
prompt = 'A photo of sks dog in a bucket'

vae = AutoencoderKL.from_pretrained(
    'stabilityai/sd-vae-ft-ema',
)
pipe = PixArtAlphaPipeline.from_pretrained(
    "PixArt-alpha/PixArt-XL-2-1024-MS",
    vae=vae,
    torch_dtype=torch.float32,
).to("cuda")
pipe.transformer = PeftModel.from_pretrained(pipe.transformer, checkpoint / "transformer", adapter_name="default")

img = pipe(
    prompt,
    width=1024,
    height=1024,
    num_inference_steps=50,
).images[0]
img.save("demo.png")





You can check inference docs for inferencing other settings like Full Parameter Training without LoRA.



Results Example


pixart_alpha_512_dreambooth_lora_dog

[image: exampledog]



pixart_alpha_1024_dreambooth_lora_dog

[image: exampledog2]

You can check configs/pixart_alpha_dreambooth/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_dreambooth/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
PixArt-α LoRA Training

You can also check configs/pixart_alpha_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_lora/README.md] file.


Configs

All configuration files are placed under the configs/pixart_alpha_lora [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_lora/] folder.

Following is the example config fixed from the pixart_alpha_1024_lora_pokemon_blip config file in configs/pixart_alpha_lora/pixart_alpha_1024_lora_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_lora/pixart_alpha_1024_lora_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip_pixart import *
    from .._base_.default_runtime import *
    from .._base_.models.pixart_alpha_1024_lora import *
    from .._base_.schedules.stable_diffusion_50e import *

optim_wrapper.update(
    dtype="bfloat16")

custom_hooks = [
    dict(
        type=VisualizationHook,
        prompt=["yoda pokemon"] * 4,
        height=1024,
        width=1024),
    dict(type=PeftSaveHook),
]







Run LoRA training

Run LoRA training:

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example.
$ diffengine train pixart_alpha_1024_lora_pokemon_blip







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

from pathlib import Path

import torch
from diffusers import PixArtAlphaPipeline, AutoencoderKL
from peft import PeftModel

checkpoint = Path('work_dirs/pixart_alpha_1024_lora_pokemon_blip/step20850')
prompt = 'yoda pokemon'

vae = AutoencoderKL.from_pretrained(
    'stabilityai/sd-vae-ft-ema',
)
pipe = PixArtAlphaPipeline.from_pretrained(
    "PixArt-alpha/PixArt-XL-2-1024-MS",
    vae=vae,
    torch_dtype=torch.float32,
).to("cuda")
pipe.transformer = PeftModel.from_pretrained(pipe.transformer, checkpoint / "transformer", adapter_name="default")

img = pipe(
    prompt,
    width=1024,
    height=1024,
    num_inference_steps=50,
).images[0]
img.save("demo.png")







Results Example


pixart_alpha_1024_lora_pokemon_blip

[image: example1]

You can check configs/pixart_alpha_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha_lora/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
PixArt-α Training

You can also check configs/pixart_alpha/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha/README.md] file.


Configs

All configuration files are placed under the configs/pixart_alpha [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha/] folder.

Following is the example config fixed from the stable_diffusion_xl_pokemon_blip config file in configs/pixart_alpha/pixart_alpha_1024_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha/pixart_alpha_1024_pokemon_blip.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_pixart import *
    from .._base_.default_runtime import *
    from .._base_.models.pixart_alpha_1024 import *
    from .._base_.schedules.stable_diffusion_50e import *

optim_wrapper.update(
    dtype="bfloat16",
    optimizer=dict(lr=2e-6, weight_decay=3e-2),
    clip_grad=dict(max_norm=0.01))







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example.
$ diffengine train pixart_alpha_1024_pokemon_blip







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert pixart_alpha_1024_pokemon_blip work_dirs/pixart_alpha_1024_pokemon_blip/epoch_50.pth work_dirs/pixart_alpha_1024_pokemon_blip --save-keys transformer





Then we can run inference.

from pathlib import Path

import torch
from diffusers import PixArtAlphaPipeline, AutoencoderKL, Transformer2DModel
from peft import PeftModel

checkpoint = Path('work_dirs/pixart_alpha_1024_pokemon_blip')
prompt = 'yoda pokemon'

vae = AutoencoderKL.from_pretrained(
    'stabilityai/sd-vae-ft-ema',
)
transformer = Transformer2DModel.from_pretrained(checkpoint, subfolder='transformer')
pipe = PixArtAlphaPipeline.from_pretrained(
    "PixArt-alpha/PixArt-XL-2-1024-MS",
    vae=vae,
    transformer=transformer,
    torch_dtype=torch.float32,
).to("cuda")

img = pipe(
    prompt,
    width=1024,
    height=1024,
    num_inference_steps=50,
).images[0]
img.save("demo.png")







Results Example


pixart_alpha_1024_pokemon_blip

[image: example1]

You can check configs/pixart_alpha/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/pixart_alpha/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
T2I Adapter Training

You can also check configs/t2i_adapter/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/t2i_adapter/README.md] file.


Configs

All configuration files are placed under the configs/t2i_adapter [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/t2i_adapter/] folder.

Following is the example config fixed from the stable_diffusion_xl_t2i_adapter_fill50k config file in configs/t2i_adapter/stable_diffusion_xl_t2i_adapter_fill50k.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/t2i_adapter/stable_diffusion_xl_t2i_adapter_fill50k.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.fill50k_t2i_adapter_xl import *
    from .._base_.default_runtime import *
    from .._base_.models.stable_diffusion_xl_t2i_adapter import *
    from .._base_.schedules.stable_diffusion_3e import *


optim_wrapper.update(
    optimizer=dict(lr=1e-5),
    accumulative_counts=2,
)







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example
$ diffengine train stable_diffusion_xl_t2i_adapter_fill50k







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

import torch
from diffusers import StableDiffusionXLAdapterPipeline, T2IAdapter, AutoencoderKL
from diffusers.utils import load_image

checkpoint = 'work_dirs/stable_diffusion_xl_t2i_adapter_fill50k/step75000'
prompt = 'cyan circle with brown floral background'
condition_image = load_image(
    'https://github.com/okotaku/diffengine/assets/24734142/1af9dbb0-b056-435c-bc4b-62a823889191'
).resize((1024, 1024))

adapter = T2IAdapter.from_pretrained(
        checkpoint, subfolder='adapter', torch_dtype=torch.float16)

vae = AutoencoderKL.from_pretrained(
    'madebyollin/sdxl-vae-fp16-fix',
    torch_dtype=torch.float16,
)
pipe = StableDiffusionXLAdapterPipeline.from_pretrained(
    'stabilityai/stable-diffusion-xl-base-1.0', adapter=adapter, vae=vae, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    image=condition_image,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


stable_diffusion_xl_t2i_adapter_fill50k

[image: input1]

[image: example1]

You can check configs/t2i_adapter/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/t2i_adapter/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Wuerstchen LoRA Training

You can also check configs/wuerstchen_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen_lora/README.md] file.


Configs

All configuration files are placed under the configs/wuerstchen_lora [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen_lora/] folder.

Following is the example config fixed from the wuerstchen_prior_lora_pokemon_blip config file in configs/wuerstchen_lora/wuerstchen_prior_lora_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen_lora/wuerstchen_prior_lora_pokemon_blip.py]:

from mmengine.config import read_base

from diffengine.engine.hooks import PeftSaveHook, VisualizationHook

with read_base():
    from .._base_.datasets.pokemon_blip_wuerstchen import *
    from .._base_.default_runtime import *
    from .._base_.models.wuerstchen_prior_lora import *
    from .._base_.schedules.stable_diffusion_50e import *


train_dataloader.update(
    batch_size=8,
)

optim_wrapper = dict(
    optimizer=dict(type="AdamW", lr=1e-4, weight_decay=1e-2),
    clip_grad=dict(max_norm=1.0))

custom_hooks = [
    dict(type=VisualizationHook, prompt=["A robot pokemon, 4k photo"] * 4,
         height=768, width=768),
    dict(type=PeftSaveHook),
]







Run LoRA training

Run LoRA training:

# single gpu
$ diffengine train ${CONFIG_FILE}
# Example
$ diffengine train wuerstchen_prior_lora_pokemon_blip

# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.









Results Example


wuerstchen_prior_lora_pokemon_blip

[image: example1]

You can check configs/wuerstchen_lora/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen_lora/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Wuerstchen Training

You can also check configs/wuerstchen/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen/README.md] file.


Configs

All configuration files are placed under the configs/wuerstchen [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen/] folder.

Following is the example config fixed from the wuerstchen_prior_pokemon_blip config file in configs/wuerstchen/wuerstchen_prior_pokemon_blip.py [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen/wuerstchen_prior_pokemon_blip.py]:

from mmengine.config import read_base

with read_base():
    from .._base_.datasets.pokemon_blip_wuerstchen import *
    from .._base_.default_runtime import *
    from .._base_.models.wuerstchen_prior import *
    from .._base_.schedules.stable_diffusion_50e import *

optim_wrapper.update(
    optimizer=dict(lr=1e-5),
    accumulative_counts=4)  # update every four times







Run training

Run train

# single gpu
$ diffengine train ${CONFIG_FILE}
# multi gpus
$ NPROC_PER_NODE=${GPU_NUM} diffengine train ${CONFIG_FILE}

# Example
$ diffengine train wuerstchen_prior_pokemon_blip







Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

import torch
from diffusers import (
    AutoPipelineForText2Image,
)
from diffusers.pipelines.wuerstchen import DEFAULT_STAGE_C_TIMESTEPS, WuerstchenPrior

checkpoint = 'work_dirs/wuerstchen_prior_pokemon_blip/step10450'
prompt = 'A robot pokemon, 4k photo"'

prior = WuerstchenPrior.from_pretrained(
    checkpoint, subfolder='prior', torch_dtype=torch.float16)

pipe = AutoPipelineForText2Image.from_pretrained(
    'warp-ai/wuerstchen', prior_prior=prior, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    prior_timesteps=DEFAULT_STAGE_C_TIMESTEPS,
    height=768,
    width=768,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Results Example


wuerstchen_prior_pokemon_blip

[image: example1]

You can check configs/wuerstchen/README.md [https://github.com/okotaku/diffengine/tree/main/diffengine/configs/wuerstchen/README.md#results-example] for more details.






            

          

      

      

    

  

    
      
          
            
  
Inference


Inference with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR}
# Example
$ diffengine convert stable_diffusion_v15_pokemon_blip work_dirs/stable_diffusion_v15_pokemon_blip/epoch_4.pth work_dirs/stable_diffusion_v15_pokemon_blip





Then we can run inference.

import torch
from diffusers import DiffusionPipeline, UNet2DConditionModel

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/stable_diffusion_v15_pokemon_blip'

unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', unet=unet, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Inference Text Encoder and Unet finetuned weight with diffusers

Once you have trained a model, specify the path to the saved model and utilize it for inference using the diffusers.pipeline module.

Before inferencing, we should convert weights for diffusers format,

$ diffengine convert ${CONFIG_FILE} ${INPUT_FILENAME} ${OUTPUT_DIR} --save-keys ${SAVE_KEYS}
# Example
$ diffengine convert stable_diffusion_v15_textencoder_pokemon_blip work_dirs/stable_diffusion_v15_textencoder_pokemon_blip/epoch_50.pth work_dirs/stable_diffusion_v15_textencoder_pokemon_blip --save-keys unet text_encoder





Then we can run inference.

import torch
from transformers import CLIPTextModel
from diffusers import DiffusionPipeline, UNet2DConditionModel

prompt = 'yoda pokemon'
checkpoint = 'work_dirs/stable_diffusion_v15_pokemon_blip'

text_encoder = CLIPTextModel.from_pretrained(
            checkpoint,
            subfolder='text_encoder',
            torch_dtype=torch.float16)
unet = UNet2DConditionModel.from_pretrained(
    checkpoint, subfolder='unet', torch_dtype=torch.float16)
pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', unet=unet, text_encoder=text_encoder, torch_dtype=torch.float16)
pipe.to('cuda')

image = pipe(
    prompt,
    num_inference_steps=50,
).images[0]
image.save('demo.png')







Inference LoRA weight with diffusers

Once you have trained a LoRA model, specify the path to where the model is saved, and use it for inference with the diffusers.

from pathlib import Path

import torch
from diffusers import DiffusionPipeline
from peft import PeftModel

checkpoint = Path('work_dirs/stable_diffusion_v15_dreambooth_lora_dog/step999')
prompt = 'A photo of sks dog in a bucket'

pipe = DiffusionPipeline.from_pretrained(
    'runwayml/stable-diffusion-v1-5', torch_dtype=torch.float16)
pipe.to('cuda')
pipe.unet = PeftModel.from_pretrained(pipe.unet, checkpoint / "unet", adapter_name="default")
if (checkpoint / "text_encoder").exists():
    pipe.text_encoder = PeftModel.from_pretrained(
        pipe.text_encoder, checkpoint / "text_encoder", adapter_name="default"
    )

image = pipe(
    prompt,
    num_inference_steps=50
).images[0]
image.save('demo.png')









            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets


Subpackages



	diffengine.datasets.samplers
	diffengine.datasets.samplers.batch_sampler





	diffengine.datasets.transforms
	diffengine.datasets.transforms.base

	diffengine.datasets.transforms.dump_image

	diffengine.datasets.transforms.formatting

	diffengine.datasets.transforms.loading

	diffengine.datasets.transforms.processing

	diffengine.datasets.transforms.wrappers











Submodules



	diffengine.datasets.hf_controlnet_datasets

	diffengine.datasets.hf_datasets

	diffengine.datasets.hf_dpo_datasets

	diffengine.datasets.hf_dreambooth_datasets

	diffengine.datasets.hf_esd_datasets

	diffengine.datasets.utils







Package Contents


Classes



	HFControlNetDataset

	Dataset for huggingface datasets.



	HFDataset

	Dataset for huggingface datasets.



	HFDatasetPreComputeEmbs

	Dataset for huggingface datasets.



	HFDPODataset

	DPO Dataset for huggingface datasets.



	HFDreamBoothDataset

	DreamBooth Dataset for huggingface datasets.



	HFESDDatasetPreComputeEmbs

	Huggingface Erasing Concepts from Diffusion Models Dataset.







	
class diffengine.datasets.HFControlNetDataset(dataset, image_column='image', condition_column='condition', caption_column='text', csv='metadata.csv', pipeline=(), cache_dir=None)

	Bases: torch.utils.data.Dataset

Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_column (str): Image column name. Defaults to ‘image’.
condition_column (str): Condition column name for ControlNet.


Defaults to ‘condition’.




caption_column (str): Caption column name. Defaults to ‘text’.
csv (str): Caption csv file name when loading local folder.


Defaults to ‘metadata.csv’.




pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_column (str) – 


	condition_column (str) – 


	caption_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	cache_dir (str | None) – 













	
class diffengine.datasets.HFDataset(dataset, image_column='image', caption_column='text', csv='metadata.csv', pipeline=(), cache_dir=None)

	Bases: torch.utils.data.Dataset

Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_column (str): Image column name. Defaults to ‘image’.
caption_column (str): Caption column name. Defaults to ‘text’.
csv (str): Caption csv file name when loading local folder.


Defaults to ‘metadata.csv’.




pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_column (str) – 


	caption_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	cache_dir (str | None) – 













	
class diffengine.datasets.HFDatasetPreComputeEmbs(*args, model='stabilityai/stable-diffusion-xl-base-1.0', text_hasher='text', device='cuda', proportion_empty_prompts=0.0, **kwargs)

	Bases: HFDataset

Dataset for huggingface datasets.


	The difference from HFDataset is
	
	pre-compute Text Encoder embeddings to save memory.









Args:



	model (str): pretrained model name of stable diffusion xl.
	Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





text_hasher (str): Text embeddings hasher name. Defaults to ‘text’.
device (str): Device used to compute embeddings. Defaults to ‘cuda’.
proportion_empty_prompts (float): The probabilities to replace empty


text. Defaults to 0.9.








	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.train_transforms`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.train_transforms.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	model (str) – 


	text_hasher (str) – 


	device (str) – 


	proportion_empty_prompts (float) – 













	
class diffengine.datasets.HFDPODataset(dataset, image_columns=None, caption_column='text', label_column='label_0', csv='metadata.csv', pipeline=(), split='train', cache_dir=None)

	Bases: torch.utils.data.Dataset

DPO Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_columns (list[str]): Image column names. Defaults to [‘image’].
caption_column (str): Caption column name. Defaults to ‘text’.
label_column (str): Label column name of whether image_columns[0] is


better than image_columns[1]. Defaults to ‘label_0’.





	csv (str): Caption csv file name when loading local folder.
	Defaults to ‘metadata.csv’.





pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
split (str): Dataset split. Defaults to ‘train’.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_columns (list[str] | None) – 


	caption_column (str) – 


	label_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	split (str) – 


	cache_dir (str | None) – 













	
class diffengine.datasets.HFDreamBoothDataset(dataset, instance_prompt, image_column='image', dataset_sub_dir=None, class_image_config=None, class_prompt=None, pipeline=(), csv=None, cache_dir=None)

	Bases: torch.utils.data.Dataset

DreamBooth Dataset for huggingface datasets.


Args:


dataset (str): Dataset name.
instance_prompt (str):


The prompt with identifier specifying the instance.




image_column (str): Image column name. Defaults to ‘image’.
dataset_sub_dir (optional, str): Dataset sub directory name.
class_image_config (dict):



	model (str): pretrained model name of stable diffusion to
	create training data of class images.
Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_dir (str): A folder containing the training data of class
	images. Defaults to ‘work_dirs/class_image’.



	num_images (int): Minimal class images for prior preservation
	loss. If there are not enough images already present in
class_data_dir, additional images will be sampled with
class_prompt. Defaults to 200.



	recreate_class_images (bool): Whether to re create all class
	images. Defaults to True.









	class_prompt (Optional[str]): The prompt to specify images in the same
	class as provided instance images. Defaults to None.





pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
csv (str, optional): Image path csv file name when loading local


folder. If None, the dataset will be loaded from image folders.
Defaults to None.





	cache_dir (str, optional): The directory where the downloaded datasets
	will be stored.Defaults to None.









	
default_class_image_config :dict

	




	
generate_class_image(class_image_config)

	Generate class images for prior preservation loss.


	Parameters:

	class_image_config (dict) – 



	Return type:

	None










	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	instance_prompt (str) – 


	image_column (str) – 


	dataset_sub_dir (str | None) – 


	class_image_config (dict | None) – 


	class_prompt (str | None) – 


	pipeline (collections.abc.Sequence) – 


	csv (str | None) – 


	cache_dir (str | None) – 













	
class diffengine.datasets.HFESDDatasetPreComputeEmbs(forget_caption, model='stabilityai/stable-diffusion-xl-base-1.0', device='cuda', pipeline=())

	Bases: torch.utils.data.Dataset

Huggingface Erasing Concepts from Diffusion Models Dataset.

Dataset of huggingface datasets for Erasing Concepts from Diffusion
Models.


Args:


forget_caption (str): The caption used to forget.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.




device (str): Device used to compute embeddings. Defaults to ‘cuda’.
pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.





	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get the dataset after ``self.pipeline`.


Args:


idx (int): The index.






Returns:


dict: The idx-th data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	forget_caption (str) – 


	model (str) – 


	device (str) – 


	pipeline (collections.abc.Sequence) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.samplers


Submodules



	diffengine.datasets.samplers.batch_sampler







Package Contents


Classes



	AspectRatioBatchSampler

	Aspect ratio batch sampler.







	
class diffengine.datasets.samplers.AspectRatioBatchSampler(sampler, batch_size, bucket_ids=None, *, drop_last=False)

	Bases: torch.utils.data.BatchSampler

Aspect ratio batch sampler.

A sampler wrapper for grouping images with similar aspect ratio into a
same batch.


Args:


sampler (Sampler): Base sampler.
batch_size (int): Size of mini-batch.
bucket_ids (str | None): The path of bucket ids. If None, the


bucket ids will be calculated automatically. Default: None.





	drop_last (bool): If True, the sampler will drop the last batch if
	its size would be less than batch_size.









	
__iter__()

	Get the iterator of the sampler.


	Return type:

	collections.abc.Generator










	
__len__()

	Get the length of the sampler.


	Return type:

	int











	Parameters:

	
	sampler (torch.utils.data.Sampler) – 


	batch_size (int) – 


	bucket_ids (str | None) – 


	drop_last (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.samplers.batch_sampler


Module Contents


Classes



	AspectRatioBatchSampler

	Aspect ratio batch sampler.







	
class diffengine.datasets.samplers.batch_sampler.AspectRatioBatchSampler(sampler, batch_size, bucket_ids=None, *, drop_last=False)

	Bases: torch.utils.data.BatchSampler

Aspect ratio batch sampler.

A sampler wrapper for grouping images with similar aspect ratio into a
same batch.


Args:


sampler (Sampler): Base sampler.
batch_size (int): Size of mini-batch.
bucket_ids (str | None): The path of bucket ids. If None, the


bucket ids will be calculated automatically. Default: None.





	drop_last (bool): If True, the sampler will drop the last batch if
	its size would be less than batch_size.









	
__iter__()

	Get the iterator of the sampler.


	Return type:

	collections.abc.Generator










	
__len__()

	Get the length of the sampler.


	Return type:

	int











	Parameters:

	
	sampler (torch.utils.data.Sampler) – 


	batch_size (int) – 


	bucket_ids (str | None) – 


	drop_last (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms


Submodules



	diffengine.datasets.transforms.base

	diffengine.datasets.transforms.dump_image

	diffengine.datasets.transforms.formatting

	diffengine.datasets.transforms.loading

	diffengine.datasets.transforms.processing

	diffengine.datasets.transforms.wrappers







Package Contents


Classes



	BaseTransform

	Base class for all transformations.



	DumpImage

	Dump the image processed by the pipeline.



	DumpMaskedImage

	Dump Masked the image processed by the pipeline.



	PackInputs

	Pack the inputs data.



	LoadMask

	Load Mask for multiple types.



	AddConstantCaption

	AddConstantCaption.



	CenterCrop

	CenterCrop.



	CLIPImageProcessor

	CLIPImageProcessor.



	ComputeaMUSEdMicroConds

	Compute aMUSEd micro_conds as 'micro_conds' in results.



	ComputePixArtImgInfo

	Compute Orig Height and Widh + Aspect Ratio.



	ComputeTimeIds

	Compute time ids as 'time_ids' in results.



	ConcatMultipleImgs

	ConcatMultipleImgs.



	GetMaskedImage

	GetMaskedImage.



	MaskToTensor

	MaskToTensor.



	MultiAspectRatioResizeCenterCrop

	Multi Aspect Ratio Resize and Center Crop.



	RandomCrop

	RandomCrop.



	RandomHorizontalFlip

	RandomHorizontalFlip.



	RandomTextDrop

	RandomTextDrop. Replace text to empty.



	SaveImageShape

	Save image shape as 'ori_img_shape' in results.



	T5TextPreprocess

	T5 Text Preprocess.



	TimmImageProcessor

	TransformersImageProcessor.



	TorchVisonTransformWrapper

	TorchVisonTransformWrapper.



	TransformersImageProcessor

	TransformersImageProcessor.



	RandomChoice

	Process data with a randomly chosen transform from given candidates.








Attributes



	TRANSFORMS

	







	
class diffengine.datasets.transforms.BaseTransform

	Base class for all transformations.


	
__call__(results)

	Call function to transform data.


	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None










	
abstract transform(results)

	Transform the data.

The transform function. All subclass of BaseTransform should
override this method.

This function takes the result dict as the input, and can add new
items to the dict or modify existing items in the dict. And the result
dict will be returned in the end, which allows to concate multiple
transforms into a pipeline.


Args:


results (dict): The result dict.






Returns:


dict: The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.DumpImage(max_imgs, dump_dir)

	Dump the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.DumpMaskedImage(max_imgs, dump_dir)

	Dump Masked the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.PackInputs(input_keys=None, skip_to_tensor_key=None)

	Bases: diffengine.datasets.transforms.BaseTransform

Pack the inputs data.

Required Keys:


	input_key




Deleted Keys:

All other keys in the dict.


Args:



	input_keys (List[str]): The key of element to feed into the model
	forwarding. Defaults to [‘img’, ‘text’].



	skip_to_tensor_key (List[str]): The key of element to skip to_tensor.
	Defaults to [‘text’].









	
transform(results)

	Transform the data.


	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	input_keys (list[str] | None) – 


	skip_to_tensor_key (list[str] | None) – 













	
class diffengine.datasets.transforms.LoadMask(mask_mode='bbox', mask_config=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Load Mask for multiple types.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

Reference from: mmagic.datasets.transforms.loading.LoadMask

For different types of mask, users need to provide the corresponding
config dict.

Example config for bbox:

config = dict(max_bbox_shape=128)





Example config for irregular:

config = dict(
    num_vertices=(4, 12),
    max_angle=4.,
    length_range=(10, 100),
    brush_width=(10, 40),
    area_ratio_range=(0.15, 0.5))





Example config for ff:

config = dict(
    num_vertices=(4, 12),
    mean_angle=1.2,
    angle_range=0.4,
    brush_width=(12, 40))






Args:



	mask_mode (str): Mask mode in [‘bbox’, ‘irregular’, ‘ff’, ‘set’,
	‘whole’].
Default: ‘bbox’.
* bbox: square bounding box masks.
* irregular: irregular holes.
* ff: free-form holes from DeepFillv2.
* set: randomly get a mask from a mask set.
* whole: use the whole image as mask.



	mask_config (dict): Params for creating masks. Each type of mask needs
	different configs. Default: None.









	
transform(results)

	Transform function.


Args:



	results (dict): A dict containing the necessary information and
	data for augmentation.










Returns:


dict: A dict containing the processed data and information.






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	mask_mode (str) – 


	mask_config (dict | None) – 













	
diffengine.datasets.transforms.TRANSFORMS

	




	
class diffengine.datasets.transforms.AddConstantCaption(constant_caption, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

AddConstantCaption.


	Example. “a dog.” * constant_caption=”in szn style”
	-> “a dog. in szn style”






Args:


constant_caption (str): constant_caption to add.
keys (List[str], optional): keys to apply augmentation from results.


Defaults to None.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	constant_caption (str) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.CenterCrop(*args, size, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CenterCrop.


	The difference from torchvision/CenterCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is added as crop points.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.CLIPImageProcessor(key='img', output_key='clip_img', pretrained=None, subfolder=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CLIPImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 


	subfolder (str | None) – 













	
class diffengine.datasets.transforms.ComputeaMUSEdMicroConds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute aMUSEd micro_conds as ‘micro_conds’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘micro_conds’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ComputePixArtImgInfo

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute Orig Height and Widh + Aspect Ratio.

Return ‘resolution’, ‘aspect_ratio’ in results


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ComputeTimeIds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute time ids as ‘time_ids’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ConcatMultipleImgs(keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

ConcatMultipleImgs.


Args:



	keys (List[str], optional): keys to apply augmentation from results.
	Defaults to None.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.GetMaskedImage(key='masked_image')

	Bases: diffengine.datasets.transforms.base.BaseTransform

GetMaskedImage.


Args:



	key (str): key to outputs.
	Defaults to ‘masked_image’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.MaskToTensor(key='mask')

	Bases: diffengine.datasets.transforms.base.BaseTransform

MaskToTensor.


	Convert mask to tensor.


	Transpose mask from (H, W, 1) to (1, H, W)





Args:



	key (str): key to apply augmentation from results.
	Defaults to ‘mask’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.MultiAspectRatioResizeCenterCrop(*args, sizes, keys=None, interpolation='bilinear', **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Multi Aspect Ratio Resize and Center Crop.


Args:



	sizes (List[sequence]): List of desired output size of the crop.
	Sequence like (h, w).





keys (List[str]): keys to apply augmentation from results.
interpolation (str): Desired interpolation enum defined by


torchvision.transforms.InterpolationMode.
Defaults to ‘bilinear’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	sizes (list[collections.abc.Sequence[int]]) – 


	keys (list[str] | None) – 


	interpolation (str) – 













	
class diffengine.datasets.transforms.RandomCrop(*args, size, keys=None, force_same_size=True, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomCrop.


	The difference from torchvision/RandomCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results
2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.
force_same_size (bool): Force same size for all keys. Defaults to True.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:



	dict: ‘crop_top_left’ and  crop_bottom_right key is added as crop
	point.










	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 


	force_same_size (bool) – 













	
class diffengine.datasets.transforms.RandomHorizontalFlip(*args, p=0.5, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomHorizontalFlip.


	The difference from torchvision/RandomHorizontalFlip is
	
	update ‘crop_top_left’ and crop_bottom_right if exists.




2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is fixed.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.RandomTextDrop(p=0.1, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomTextDrop. Replace text to empty.


Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.SaveImageShape

	Bases: diffengine.datasets.transforms.base.BaseTransform

Save image shape as ‘ori_img_shape’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘ori_img_shape’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.T5TextPreprocess(keys=None, *, clean_caption=True)

	Bases: diffengine.datasets.transforms.base.BaseTransform

T5 Text Preprocess.


Args:


keys (List[str]): keys to apply augmentation from results.
clean_caption (bool): clean caption. Defaults to False.





	
_clean_caption(caption)

	Clean caption.

Copied from
diffusers.pipelines.deepfloyd_if.pipeline_if.IFPipeline._clean_caption


	Parameters:

	caption (str) – 



	Return type:

	str










	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	keys (list[str] | None) – 


	clean_caption (bool) – 













	
class diffengine.datasets.transforms.TimmImageProcessor(pretrained, key='img', output_key='clip_img')

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


pretrained (str): pretrained model name.
key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	pretrained (str) – 


	key (str) – 


	output_key (str) – 













	
class diffengine.datasets.transforms.TorchVisonTransformWrapper(transform, *args, keys=None, **kwargs)

	TorchVisonTransformWrapper.

We can use torchvision.transforms like dict(type=’torchvision/Resize’,
size=512)


Args:



	transform (str): The name of transform. For example
	torchvision/Resize.





keys (List[str]): keys to apply augmentation from results.





	
__call__(results)

	Call transform.


	Parameters:

	results (dict) – 



	Return type:

	dict










	
__repr__()

	Repr.


	Return type:

	str











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.TransformersImageProcessor(key='img', output_key='clip_img', pretrained=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 













	
class diffengine.datasets.transforms.RandomChoice(transforms, prob=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Process data with a randomly chosen transform from given candidates.

Copied from mmcv/transforms/wrappers.py.


Args:



	transforms (list[list]): A list of transform candidates, each is a
	sequence of transforms.



	prob (list[float], optional): The probabilities associated
	with each pipeline. The length should be equal to the pipeline
number and the sum should be 1. If not given, a uniform
distribution will be assumed.










Examples:

>>> # config
>>> pipeline = [
>>>     dict(type='RandomChoice',
>>>         transforms=[
>>>             [dict(type='RandomHorizontalFlip')],  # subpipeline 1
>>>             [dict(type='RandomRotate')],  # subpipeline 2
>>>         ]
>>>     )
>>> ]






	
__iter__()

	Iterate over transforms.


	Return type:

	collections.abc.Iterator










	
random_pipeline_index()

	Return a random transform index.


	Return type:

	int










	
transform(results)

	Randomly choose a transform to apply.


	Parameters:

	results (dict) – 



	Return type:

	dict | None











	Parameters:

	
	transforms (list[Transform | list[Transform]]) – 


	prob (list[float] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.base


Module Contents


Classes



	BaseTransform

	Base class for all transformations.







	
class diffengine.datasets.transforms.base.BaseTransform

	Base class for all transformations.


	
__call__(results)

	Call function to transform data.


	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None










	
abstract transform(results)

	Transform the data.

The transform function. All subclass of BaseTransform should
override this method.

This function takes the result dict as the input, and can add new
items to the dict or modify existing items in the dict. And the result
dict will be returned in the end, which allows to concate multiple
transforms into a pipeline.


Args:


results (dict): The result dict.






Returns:


dict: The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.dump_image


Module Contents


Classes



	DumpImage

	Dump the image processed by the pipeline.



	DumpMaskedImage

	Dump Masked the image processed by the pipeline.







	
class diffengine.datasets.transforms.dump_image.DumpImage(max_imgs, dump_dir)

	Dump the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.dump_image.DumpMaskedImage(max_imgs, dump_dir)

	Dump Masked the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.formatting


Module Contents


Classes



	PackInputs

	Pack the inputs data.








Functions



	to_tensor(data)

	Convert objects of various python types to torch.Tensor.







	
diffengine.datasets.transforms.formatting.to_tensor(data)

	Convert objects of various python types to torch.Tensor.

Supported types are: numpy.ndarray, torch.Tensor,
Sequence, int and float.


	Return type:

	torch.Tensor










	
class diffengine.datasets.transforms.formatting.PackInputs(input_keys=None, skip_to_tensor_key=None)

	Bases: diffengine.datasets.transforms.BaseTransform

Pack the inputs data.

Required Keys:


	input_key




Deleted Keys:

All other keys in the dict.


Args:



	input_keys (List[str]): The key of element to feed into the model
	forwarding. Defaults to [‘img’, ‘text’].



	skip_to_tensor_key (List[str]): The key of element to skip to_tensor.
	Defaults to [‘text’].









	
transform(results)

	Transform the data.


	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	input_keys (list[str] | None) – 


	skip_to_tensor_key (list[str] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.loading


Module Contents


Classes



	LoadMask

	Load Mask for multiple types.








Functions



	random_bbox(img_shape, max_bbox_shape[, ...])

	Generate a random bbox for the mask on a given image.



	bbox2mask(img_shape, bbox[, dtype])

	Generate mask in np.ndarray from bbox.



	random_irregular_mask(img_shape[, num_vertices, ...])

	Generate random irregular masks.



	get_irregular_mask(img_shape[, area_ratio_range])

	Get irregular mask with the constraints in mask ratio.



	brush_stroke_mask(img_shape[, num_vertices, ...])

	Generate free-form mask.







	
diffengine.datasets.transforms.loading.random_bbox(img_shape, max_bbox_shape, max_bbox_delta=40, min_margin=20)

	Generate a random bbox for the mask on a given image.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

In our implementation, the max value cannot be obtained since we use
np.random.randint. And this may be different with other standard scripts
in the community.


Args:


img_shape (tuple[int]): The size of a image, in the form of (h, w).
max_bbox_shape (int | tuple[int]): Maximum shape of the mask box,


in the form of (h, w). If it is an integer, the mask box will be
square.





	max_bbox_delta (int | tuple[int]): Maximum delta of the mask box,
	in the form of (delta_h, delta_w). If it is an integer, delta_h
and delta_w will be the same. Mask shape will be randomly sampled
from the range of max_bbox_shape - max_bbox_delta and
max_bbox_shape. Default: (40, 40).



	min_margin (int | tuple[int]): The minimum margin size from the
	edges of mask box to the image boarder, in the form of
(margin_h, margin_w). If it is an integer, margin_h and margin_w
will be the same. Default: (20, 20).










Returns:


tuple[int]: The generated box, (top, left, h, w).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	max_bbox_shape (int | tuple[int, int]) – 


	max_bbox_delta (int | tuple[int, int]) – 


	min_margin (int | tuple[int, int]) – 






	Return type:

	tuple[int, int, int, int]










	
diffengine.datasets.transforms.loading.bbox2mask(img_shape, bbox, dtype='uint8')

	Generate mask in np.ndarray from bbox.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

The returned mask has the shape of (h, w, 1). ‘1’ indicates the
hole and ‘0’ indicates the valid regions.

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): The size of the image.
bbox (tuple[int]): Configuration tuple, (top, left, height, width)
np.dtype (str): Indicate the data type of returned masks.


Default: ‘uint8’









Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	bbox (tuple[int, int, int, int]) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.random_irregular_mask(img_shape, num_vertices=(4, 8), max_angle=4, length_range=(10, 100), brush_width=(10, 40), dtype='uint8')

	Generate random irregular masks.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

This is a modified version of free-form mask implemented in
‘brush_stroke_mask’.

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): Size of the image.
num_vertices (int | tuple[int]): Min and max number of vertices. If


only give an integer, we will fix the number of vertices.
Default: (4, 8).




max_angle (float): Max value of angle at each vertex. Default 4.0.
length_range (int | tuple[int]): (min_length, max_length). If only give


an integer, we will fix the length of brush. Default: (10, 100).





	brush_width (int | tuple[int]): (min_width, max_width). If only give
	an integer, we will fix the width of brush. Default: (10, 40).



	np.dtype (str): Indicate the data type of returned masks.
	Default: ‘uint8’










Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	num_vertices (int | tuple[int, int]) – 


	max_angle (float) – 


	length_range (int | tuple[int, int]) – 


	brush_width (int | tuple[int, int]) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.get_irregular_mask(img_shape, area_ratio_range=(0.15, 0.5), **kwargs)

	Get irregular mask with the constraints in mask ratio.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py


Args:


img_shape (tuple[int]): Size of the image.
area_ratio_range (tuple(float)): Contain the minimum and maximum area
ratio. Default: (0.15, 0.5).






Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	area_ratio_range (tuple[float, float]) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.brush_stroke_mask(img_shape, num_vertices=(4, 12), mean_angle=2 * math.pi / 5, angle_range=2 * math.pi / 15, brush_width=(12, 40), max_loops=4, dtype='uint8')

	Generate free-form mask.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

The method of generating free-form mask is in the following paper:
Free-Form Image Inpainting with Gated Convolution.

When you set the config of this type of mask. You may note the usage of
np.random.randint and the range of np.random.randint is [left, right).

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): Size of the image.
num_vertices (int | tuple[int]): Min and max number of vertices. If


only give an integer, we will fix the number of vertices.
Default: (4, 12).





	mean_angle (float): Mean value of the angle in each vertex. The angle
	is measured in radians. Default: 2 * math.pi / 5.



	angle_range (float): Range of the random angle.
	Default: 2 * math.pi / 15.



	brush_width (int | tuple[int]): (min_width, max_width). If only give
	an integer, we will fix the width of brush. Default: (12, 40).



	max_loops (int): The max number of for loops of drawing strokes.
	Default: 4.



	np.dtype (str): Indicate the data type of returned masks.
	Default: ‘uint8’.










Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	num_vertices (int | tuple[int, int]) – 


	mean_angle (float) – 


	angle_range (float) – 


	brush_width (int | tuple[int, int]) – 


	max_loops (int) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
class diffengine.datasets.transforms.loading.LoadMask(mask_mode='bbox', mask_config=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Load Mask for multiple types.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

Reference from: mmagic.datasets.transforms.loading.LoadMask

For different types of mask, users need to provide the corresponding
config dict.

Example config for bbox:

config = dict(max_bbox_shape=128)





Example config for irregular:

config = dict(
    num_vertices=(4, 12),
    max_angle=4.,
    length_range=(10, 100),
    brush_width=(10, 40),
    area_ratio_range=(0.15, 0.5))





Example config for ff:

config = dict(
    num_vertices=(4, 12),
    mean_angle=1.2,
    angle_range=0.4,
    brush_width=(12, 40))






Args:



	mask_mode (str): Mask mode in [‘bbox’, ‘irregular’, ‘ff’, ‘set’,
	‘whole’].
Default: ‘bbox’.
* bbox: square bounding box masks.
* irregular: irregular holes.
* ff: free-form holes from DeepFillv2.
* set: randomly get a mask from a mask set.
* whole: use the whole image as mask.



	mask_config (dict): Params for creating masks. Each type of mask needs
	different configs. Default: None.









	
transform(results)

	Transform function.


Args:



	results (dict): A dict containing the necessary information and
	data for augmentation.










Returns:


dict: A dict containing the processed data and information.






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	mask_mode (str) – 


	mask_config (dict | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.processing


Module Contents


Classes



	TorchVisonTransformWrapper

	TorchVisonTransformWrapper.



	SaveImageShape

	Save image shape as 'ori_img_shape' in results.



	RandomCrop

	RandomCrop.



	CenterCrop

	CenterCrop.



	MultiAspectRatioResizeCenterCrop

	Multi Aspect Ratio Resize and Center Crop.



	RandomHorizontalFlip

	RandomHorizontalFlip.



	ComputeTimeIds

	Compute time ids as 'time_ids' in results.



	ComputePixArtImgInfo

	Compute Orig Height and Widh + Aspect Ratio.



	CLIPImageProcessor

	CLIPImageProcessor.



	RandomTextDrop

	RandomTextDrop. Replace text to empty.



	T5TextPreprocess

	T5 Text Preprocess.



	MaskToTensor

	MaskToTensor.



	GetMaskedImage

	GetMaskedImage.



	AddConstantCaption

	AddConstantCaption.



	ConcatMultipleImgs

	ConcatMultipleImgs.



	ComputeaMUSEdMicroConds

	Compute aMUSEd micro_conds as 'micro_conds' in results.



	TransformersImageProcessor

	TransformersImageProcessor.



	TimmImageProcessor

	TransformersImageProcessor.








Functions



	_str_to_torch_dtype(t)

	Map to torch.dtype.



	_interpolation_modes_from_str(t)

	Map to Interpolation.



	register_vision_transforms()

	Register vision transforms.








Attributes



	VISION_TRANSFORMS

	







	
diffengine.datasets.transforms.processing._str_to_torch_dtype(t)

	Map to torch.dtype.


	Parameters:

	t (str) – 










	
diffengine.datasets.transforms.processing._interpolation_modes_from_str(t)

	Map to Interpolation.


	Parameters:

	t (str) – 










	
class diffengine.datasets.transforms.processing.TorchVisonTransformWrapper(transform, *args, keys=None, **kwargs)

	TorchVisonTransformWrapper.

We can use torchvision.transforms like dict(type=’torchvision/Resize’,
size=512)


Args:



	transform (str): The name of transform. For example
	torchvision/Resize.





keys (List[str]): keys to apply augmentation from results.





	
__call__(results)

	Call transform.


	Parameters:

	results (dict) – 



	Return type:

	dict










	
__repr__()

	Repr.


	Return type:

	str











	Parameters:

	keys (list[str] | None) – 










	
diffengine.datasets.transforms.processing.register_vision_transforms()

	Register vision transforms.

Register transforms in torchvision.transforms to the TRANSFORMS
registry.


	Returns:

	List[str]



	Return type:

	A list of registered transforms’ name.










	
diffengine.datasets.transforms.processing.VISION_TRANSFORMS

	




	
class diffengine.datasets.transforms.processing.SaveImageShape

	Bases: diffengine.datasets.transforms.base.BaseTransform

Save image shape as ‘ori_img_shape’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘ori_img_shape’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.RandomCrop(*args, size, keys=None, force_same_size=True, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomCrop.


	The difference from torchvision/RandomCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results
2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.
force_same_size (bool): Force same size for all keys. Defaults to True.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:



	dict: ‘crop_top_left’ and  crop_bottom_right key is added as crop
	point.










	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 


	force_same_size (bool) – 













	
class diffengine.datasets.transforms.processing.CenterCrop(*args, size, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CenterCrop.


	The difference from torchvision/CenterCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is added as crop points.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.MultiAspectRatioResizeCenterCrop(*args, sizes, keys=None, interpolation='bilinear', **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Multi Aspect Ratio Resize and Center Crop.


Args:



	sizes (List[sequence]): List of desired output size of the crop.
	Sequence like (h, w).





keys (List[str]): keys to apply augmentation from results.
interpolation (str): Desired interpolation enum defined by


torchvision.transforms.InterpolationMode.
Defaults to ‘bilinear’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	sizes (list[collections.abc.Sequence[int]]) – 


	keys (list[str] | None) – 


	interpolation (str) – 













	
class diffengine.datasets.transforms.processing.RandomHorizontalFlip(*args, p=0.5, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomHorizontalFlip.


	The difference from torchvision/RandomHorizontalFlip is
	
	update ‘crop_top_left’ and crop_bottom_right if exists.




2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is fixed.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.ComputeTimeIds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute time ids as ‘time_ids’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.ComputePixArtImgInfo

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute Orig Height and Widh + Aspect Ratio.

Return ‘resolution’, ‘aspect_ratio’ in results


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.CLIPImageProcessor(key='img', output_key='clip_img', pretrained=None, subfolder=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CLIPImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 


	subfolder (str | None) – 













	
class diffengine.datasets.transforms.processing.RandomTextDrop(p=0.1, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomTextDrop. Replace text to empty.


Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.T5TextPreprocess(keys=None, *, clean_caption=True)

	Bases: diffengine.datasets.transforms.base.BaseTransform

T5 Text Preprocess.


Args:


keys (List[str]): keys to apply augmentation from results.
clean_caption (bool): clean caption. Defaults to False.





	
_clean_caption(caption)

	Clean caption.

Copied from
diffusers.pipelines.deepfloyd_if.pipeline_if.IFPipeline._clean_caption


	Parameters:

	caption (str) – 



	Return type:

	str










	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	keys (list[str] | None) – 


	clean_caption (bool) – 













	
class diffengine.datasets.transforms.processing.MaskToTensor(key='mask')

	Bases: diffengine.datasets.transforms.base.BaseTransform

MaskToTensor.


	Convert mask to tensor.


	Transpose mask from (H, W, 1) to (1, H, W)





Args:



	key (str): key to apply augmentation from results.
	Defaults to ‘mask’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.processing.GetMaskedImage(key='masked_image')

	Bases: diffengine.datasets.transforms.base.BaseTransform

GetMaskedImage.


Args:



	key (str): key to outputs.
	Defaults to ‘masked_image’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.processing.AddConstantCaption(constant_caption, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

AddConstantCaption.


	Example. “a dog.” * constant_caption=”in szn style”
	-> “a dog. in szn style”






Args:


constant_caption (str): constant_caption to add.
keys (List[str], optional): keys to apply augmentation from results.


Defaults to None.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	constant_caption (str) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.ConcatMultipleImgs(keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

ConcatMultipleImgs.


Args:



	keys (List[str], optional): keys to apply augmentation from results.
	Defaults to None.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.processing.ComputeaMUSEdMicroConds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute aMUSEd micro_conds as ‘micro_conds’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘micro_conds’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.TransformersImageProcessor(key='img', output_key='clip_img', pretrained=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 













	
class diffengine.datasets.transforms.processing.TimmImageProcessor(pretrained, key='img', output_key='clip_img')

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


pretrained (str): pretrained model name.
key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	pretrained (str) – 


	key (str) – 


	output_key (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.wrappers


Module Contents


Classes



	RandomChoice

	Process data with a randomly chosen transform from given candidates.








Attributes



	Transform

	







	
diffengine.datasets.transforms.wrappers.Transform

	




	
class diffengine.datasets.transforms.wrappers.RandomChoice(transforms, prob=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Process data with a randomly chosen transform from given candidates.

Copied from mmcv/transforms/wrappers.py.


Args:



	transforms (list[list]): A list of transform candidates, each is a
	sequence of transforms.



	prob (list[float], optional): The probabilities associated
	with each pipeline. The length should be equal to the pipeline
number and the sum should be 1. If not given, a uniform
distribution will be assumed.










Examples:

>>> # config
>>> pipeline = [
>>>     dict(type='RandomChoice',
>>>         transforms=[
>>>             [dict(type='RandomHorizontalFlip')],  # subpipeline 1
>>>             [dict(type='RandomRotate')],  # subpipeline 2
>>>         ]
>>>     )
>>> ]






	
__iter__()

	Iterate over transforms.


	Return type:

	collections.abc.Iterator










	
random_pipeline_index()

	Return a random transform index.


	Return type:

	int










	
transform(results)

	Randomly choose a transform to apply.


	Parameters:

	results (dict) – 



	Return type:

	dict | None











	Parameters:

	
	transforms (list[Transform | list[Transform]]) – 


	prob (list[float] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.hf_controlnet_datasets


Module Contents


Classes



	HFControlNetDataset

	Dataset for huggingface datasets.







	
class diffengine.datasets.hf_controlnet_datasets.HFControlNetDataset(dataset, image_column='image', condition_column='condition', caption_column='text', csv='metadata.csv', pipeline=(), cache_dir=None)

	Bases: torch.utils.data.Dataset

Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_column (str): Image column name. Defaults to ‘image’.
condition_column (str): Condition column name for ControlNet.


Defaults to ‘condition’.




caption_column (str): Caption column name. Defaults to ‘text’.
csv (str): Caption csv file name when loading local folder.


Defaults to ‘metadata.csv’.




pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_column (str) – 


	condition_column (str) – 


	caption_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	cache_dir (str | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.hf_datasets


Module Contents


Classes



	HFDataset

	Dataset for huggingface datasets.



	HFDatasetPreComputeEmbs

	Dataset for huggingface datasets.







	
class diffengine.datasets.hf_datasets.HFDataset(dataset, image_column='image', caption_column='text', csv='metadata.csv', pipeline=(), cache_dir=None)

	Bases: torch.utils.data.Dataset

Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_column (str): Image column name. Defaults to ‘image’.
caption_column (str): Caption column name. Defaults to ‘text’.
csv (str): Caption csv file name when loading local folder.


Defaults to ‘metadata.csv’.




pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_column (str) – 


	caption_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	cache_dir (str | None) – 













	
class diffengine.datasets.hf_datasets.HFDatasetPreComputeEmbs(*args, model='stabilityai/stable-diffusion-xl-base-1.0', text_hasher='text', device='cuda', proportion_empty_prompts=0.0, **kwargs)

	Bases: HFDataset

Dataset for huggingface datasets.


	The difference from HFDataset is
	
	pre-compute Text Encoder embeddings to save memory.









Args:



	model (str): pretrained model name of stable diffusion xl.
	Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





text_hasher (str): Text embeddings hasher name. Defaults to ‘text’.
device (str): Device used to compute embeddings. Defaults to ‘cuda’.
proportion_empty_prompts (float): The probabilities to replace empty


text. Defaults to 0.9.








	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.train_transforms`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.train_transforms.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	model (str) – 


	text_hasher (str) – 


	device (str) – 


	proportion_empty_prompts (float) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.hf_dpo_datasets


Module Contents


Classes



	HFDPODataset

	DPO Dataset for huggingface datasets.







	
class diffengine.datasets.hf_dpo_datasets.HFDPODataset(dataset, image_columns=None, caption_column='text', label_column='label_0', csv='metadata.csv', pipeline=(), split='train', cache_dir=None)

	Bases: torch.utils.data.Dataset

DPO Dataset for huggingface datasets.


Args:


dataset (str): Dataset name or path to dataset.
image_columns (list[str]): Image column names. Defaults to [‘image’].
caption_column (str): Caption column name. Defaults to ‘text’.
label_column (str): Label column name of whether image_columns[0] is


better than image_columns[1]. Defaults to ‘label_0’.





	csv (str): Caption csv file name when loading local folder.
	Defaults to ‘metadata.csv’.





pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
split (str): Dataset split. Defaults to ‘train’.
cache_dir (str, optional): The directory where the downloaded datasets


will be stored.Defaults to None.








	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	image_columns (list[str] | None) – 


	caption_column (str) – 


	label_column (str) – 


	csv (str) – 


	pipeline (collections.abc.Sequence) – 


	split (str) – 


	cache_dir (str | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.hf_dreambooth_datasets


Module Contents


Classes



	HFDreamBoothDataset

	DreamBooth Dataset for huggingface datasets.







	
class diffengine.datasets.hf_dreambooth_datasets.HFDreamBoothDataset(dataset, instance_prompt, image_column='image', dataset_sub_dir=None, class_image_config=None, class_prompt=None, pipeline=(), csv=None, cache_dir=None)

	Bases: torch.utils.data.Dataset

DreamBooth Dataset for huggingface datasets.


Args:


dataset (str): Dataset name.
instance_prompt (str):


The prompt with identifier specifying the instance.




image_column (str): Image column name. Defaults to ‘image’.
dataset_sub_dir (optional, str): Dataset sub directory name.
class_image_config (dict):



	model (str): pretrained model name of stable diffusion to
	create training data of class images.
Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_dir (str): A folder containing the training data of class
	images. Defaults to ‘work_dirs/class_image’.



	num_images (int): Minimal class images for prior preservation
	loss. If there are not enough images already present in
class_data_dir, additional images will be sampled with
class_prompt. Defaults to 200.



	recreate_class_images (bool): Whether to re create all class
	images. Defaults to True.









	class_prompt (Optional[str]): The prompt to specify images in the same
	class as provided instance images. Defaults to None.





pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.
csv (str, optional): Image path csv file name when loading local


folder. If None, the dataset will be loaded from image folders.
Defaults to None.





	cache_dir (str, optional): The directory where the downloaded datasets
	will be stored.Defaults to None.









	
default_class_image_config :dict

	




	
generate_class_image(class_image_config)

	Generate class images for prior preservation loss.


	Parameters:

	class_image_config (dict) – 



	Return type:

	None










	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get item.

Get the idx-th image and data information of dataset after
``self.pipeline`.


Args:


idx (int): The index of self.data_list.






Returns:


dict: The idx-th image and data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	dataset (str) – 


	instance_prompt (str) – 


	image_column (str) – 


	dataset_sub_dir (str | None) – 


	class_image_config (dict | None) – 


	class_prompt (str | None) – 


	pipeline (collections.abc.Sequence) – 


	csv (str | None) – 


	cache_dir (str | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.hf_esd_datasets


Module Contents


Classes



	HFESDDatasetPreComputeEmbs

	Huggingface Erasing Concepts from Diffusion Models Dataset.







	
class diffengine.datasets.hf_esd_datasets.HFESDDatasetPreComputeEmbs(forget_caption, model='stabilityai/stable-diffusion-xl-base-1.0', device='cuda', pipeline=())

	Bases: torch.utils.data.Dataset

Huggingface Erasing Concepts from Diffusion Models Dataset.

Dataset of huggingface datasets for Erasing Concepts from Diffusion
Models.


Args:


forget_caption (str): The caption used to forget.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.




device (str): Device used to compute embeddings. Defaults to ‘cuda’.
pipeline (Sequence): Processing pipeline. Defaults to an empty tuple.





	
__len__()

	Get the length of dataset.


	Returns:

	int



	Return type:

	The length of filtered dataset.










	
__getitem__(idx)

	Get the dataset after ``self.pipeline`.


Args:


idx (int): The index.






Returns:


dict: The idx-th data information of dataset after
self.pipeline.






	Parameters:

	idx (int) – 



	Return type:

	dict











	Parameters:

	
	forget_caption (str) – 


	model (str) – 


	device (str) – 


	pipeline (collections.abc.Sequence) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.utils


Module Contents


Functions



	encode_prompt_sdxl(batch, text_encoders, tokenizers, ...)

	Encode prompt for Stable Diffusion XL.







	
diffengine.datasets.utils.encode_prompt_sdxl(batch, text_encoders, tokenizers, caption_column, proportion_empty_prompts=0.0, *, is_train=True)

	Encode prompt for Stable Diffusion XL.


	Parameters:

	
	proportion_empty_prompts (float) – 


	is_train (bool) – 






	Return type:

	dict[str, torch.Tensor]














            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms


Submodules



	diffengine.datasets.transforms.base

	diffengine.datasets.transforms.dump_image

	diffengine.datasets.transforms.formatting

	diffengine.datasets.transforms.loading

	diffengine.datasets.transforms.processing

	diffengine.datasets.transforms.wrappers







Package Contents


Classes



	BaseTransform

	Base class for all transformations.



	DumpImage

	Dump the image processed by the pipeline.



	DumpMaskedImage

	Dump Masked the image processed by the pipeline.



	PackInputs

	Pack the inputs data.



	LoadMask

	Load Mask for multiple types.



	AddConstantCaption

	AddConstantCaption.



	CenterCrop

	CenterCrop.



	CLIPImageProcessor

	CLIPImageProcessor.



	ComputeaMUSEdMicroConds

	Compute aMUSEd micro_conds as 'micro_conds' in results.



	ComputePixArtImgInfo

	Compute Orig Height and Widh + Aspect Ratio.



	ComputeTimeIds

	Compute time ids as 'time_ids' in results.



	ConcatMultipleImgs

	ConcatMultipleImgs.



	GetMaskedImage

	GetMaskedImage.



	MaskToTensor

	MaskToTensor.



	MultiAspectRatioResizeCenterCrop

	Multi Aspect Ratio Resize and Center Crop.



	RandomCrop

	RandomCrop.



	RandomHorizontalFlip

	RandomHorizontalFlip.



	RandomTextDrop

	RandomTextDrop. Replace text to empty.



	SaveImageShape

	Save image shape as 'ori_img_shape' in results.



	T5TextPreprocess

	T5 Text Preprocess.



	TimmImageProcessor

	TransformersImageProcessor.



	TorchVisonTransformWrapper

	TorchVisonTransformWrapper.



	TransformersImageProcessor

	TransformersImageProcessor.



	RandomChoice

	Process data with a randomly chosen transform from given candidates.








Attributes



	TRANSFORMS

	







	
class diffengine.datasets.transforms.BaseTransform

	Base class for all transformations.


	
__call__(results)

	Call function to transform data.


	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None










	
abstract transform(results)

	Transform the data.

The transform function. All subclass of BaseTransform should
override this method.

This function takes the result dict as the input, and can add new
items to the dict or modify existing items in the dict. And the result
dict will be returned in the end, which allows to concate multiple
transforms into a pipeline.


Args:


results (dict): The result dict.






Returns:


dict: The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.DumpImage(max_imgs, dump_dir)

	Dump the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.DumpMaskedImage(max_imgs, dump_dir)

	Dump Masked the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.PackInputs(input_keys=None, skip_to_tensor_key=None)

	Bases: diffengine.datasets.transforms.BaseTransform

Pack the inputs data.

Required Keys:


	input_key




Deleted Keys:

All other keys in the dict.


Args:



	input_keys (List[str]): The key of element to feed into the model
	forwarding. Defaults to [‘img’, ‘text’].



	skip_to_tensor_key (List[str]): The key of element to skip to_tensor.
	Defaults to [‘text’].









	
transform(results)

	Transform the data.


	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	input_keys (list[str] | None) – 


	skip_to_tensor_key (list[str] | None) – 













	
class diffengine.datasets.transforms.LoadMask(mask_mode='bbox', mask_config=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Load Mask for multiple types.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

Reference from: mmagic.datasets.transforms.loading.LoadMask

For different types of mask, users need to provide the corresponding
config dict.

Example config for bbox:

config = dict(max_bbox_shape=128)





Example config for irregular:

config = dict(
    num_vertices=(4, 12),
    max_angle=4.,
    length_range=(10, 100),
    brush_width=(10, 40),
    area_ratio_range=(0.15, 0.5))





Example config for ff:

config = dict(
    num_vertices=(4, 12),
    mean_angle=1.2,
    angle_range=0.4,
    brush_width=(12, 40))






Args:



	mask_mode (str): Mask mode in [‘bbox’, ‘irregular’, ‘ff’, ‘set’,
	‘whole’].
Default: ‘bbox’.
* bbox: square bounding box masks.
* irregular: irregular holes.
* ff: free-form holes from DeepFillv2.
* set: randomly get a mask from a mask set.
* whole: use the whole image as mask.



	mask_config (dict): Params for creating masks. Each type of mask needs
	different configs. Default: None.









	
transform(results)

	Transform function.


Args:



	results (dict): A dict containing the necessary information and
	data for augmentation.










Returns:


dict: A dict containing the processed data and information.






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	mask_mode (str) – 


	mask_config (dict | None) – 













	
diffengine.datasets.transforms.TRANSFORMS

	




	
class diffengine.datasets.transforms.AddConstantCaption(constant_caption, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

AddConstantCaption.


	Example. “a dog.” * constant_caption=”in szn style”
	-> “a dog. in szn style”






Args:


constant_caption (str): constant_caption to add.
keys (List[str], optional): keys to apply augmentation from results.


Defaults to None.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	constant_caption (str) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.CenterCrop(*args, size, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CenterCrop.


	The difference from torchvision/CenterCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is added as crop points.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.CLIPImageProcessor(key='img', output_key='clip_img', pretrained=None, subfolder=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CLIPImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 


	subfolder (str | None) – 













	
class diffengine.datasets.transforms.ComputeaMUSEdMicroConds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute aMUSEd micro_conds as ‘micro_conds’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘micro_conds’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ComputePixArtImgInfo

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute Orig Height and Widh + Aspect Ratio.

Return ‘resolution’, ‘aspect_ratio’ in results


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ComputeTimeIds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute time ids as ‘time_ids’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.ConcatMultipleImgs(keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

ConcatMultipleImgs.


Args:



	keys (List[str], optional): keys to apply augmentation from results.
	Defaults to None.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.GetMaskedImage(key='masked_image')

	Bases: diffengine.datasets.transforms.base.BaseTransform

GetMaskedImage.


Args:



	key (str): key to outputs.
	Defaults to ‘masked_image’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.MaskToTensor(key='mask')

	Bases: diffengine.datasets.transforms.base.BaseTransform

MaskToTensor.


	Convert mask to tensor.


	Transpose mask from (H, W, 1) to (1, H, W)





Args:



	key (str): key to apply augmentation from results.
	Defaults to ‘mask’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.MultiAspectRatioResizeCenterCrop(*args, sizes, keys=None, interpolation='bilinear', **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Multi Aspect Ratio Resize and Center Crop.


Args:



	sizes (List[sequence]): List of desired output size of the crop.
	Sequence like (h, w).





keys (List[str]): keys to apply augmentation from results.
interpolation (str): Desired interpolation enum defined by


torchvision.transforms.InterpolationMode.
Defaults to ‘bilinear’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	sizes (list[collections.abc.Sequence[int]]) – 


	keys (list[str] | None) – 


	interpolation (str) – 













	
class diffengine.datasets.transforms.RandomCrop(*args, size, keys=None, force_same_size=True, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomCrop.


	The difference from torchvision/RandomCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results
2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.
force_same_size (bool): Force same size for all keys. Defaults to True.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:



	dict: ‘crop_top_left’ and  crop_bottom_right key is added as crop
	point.










	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 


	force_same_size (bool) – 













	
class diffengine.datasets.transforms.RandomHorizontalFlip(*args, p=0.5, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomHorizontalFlip.


	The difference from torchvision/RandomHorizontalFlip is
	
	update ‘crop_top_left’ and crop_bottom_right if exists.




2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is fixed.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.RandomTextDrop(p=0.1, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomTextDrop. Replace text to empty.


Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.SaveImageShape

	Bases: diffengine.datasets.transforms.base.BaseTransform

Save image shape as ‘ori_img_shape’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘ori_img_shape’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.T5TextPreprocess(keys=None, *, clean_caption=True)

	Bases: diffengine.datasets.transforms.base.BaseTransform

T5 Text Preprocess.


Args:


keys (List[str]): keys to apply augmentation from results.
clean_caption (bool): clean caption. Defaults to False.





	
_clean_caption(caption)

	Clean caption.

Copied from
diffusers.pipelines.deepfloyd_if.pipeline_if.IFPipeline._clean_caption


	Parameters:

	caption (str) – 



	Return type:

	str










	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	keys (list[str] | None) – 


	clean_caption (bool) – 













	
class diffengine.datasets.transforms.TimmImageProcessor(pretrained, key='img', output_key='clip_img')

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


pretrained (str): pretrained model name.
key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	pretrained (str) – 


	key (str) – 


	output_key (str) – 













	
class diffengine.datasets.transforms.TorchVisonTransformWrapper(transform, *args, keys=None, **kwargs)

	TorchVisonTransformWrapper.

We can use torchvision.transforms like dict(type=’torchvision/Resize’,
size=512)


Args:



	transform (str): The name of transform. For example
	torchvision/Resize.





keys (List[str]): keys to apply augmentation from results.





	
__call__(results)

	Call transform.


	Parameters:

	results (dict) – 



	Return type:

	dict










	
__repr__()

	Repr.


	Return type:

	str











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.TransformersImageProcessor(key='img', output_key='clip_img', pretrained=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 













	
class diffengine.datasets.transforms.RandomChoice(transforms, prob=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Process data with a randomly chosen transform from given candidates.

Copied from mmcv/transforms/wrappers.py.


Args:



	transforms (list[list]): A list of transform candidates, each is a
	sequence of transforms.



	prob (list[float], optional): The probabilities associated
	with each pipeline. The length should be equal to the pipeline
number and the sum should be 1. If not given, a uniform
distribution will be assumed.










Examples:

>>> # config
>>> pipeline = [
>>>     dict(type='RandomChoice',
>>>         transforms=[
>>>             [dict(type='RandomHorizontalFlip')],  # subpipeline 1
>>>             [dict(type='RandomRotate')],  # subpipeline 2
>>>         ]
>>>     )
>>> ]






	
__iter__()

	Iterate over transforms.


	Return type:

	collections.abc.Iterator










	
random_pipeline_index()

	Return a random transform index.


	Return type:

	int










	
transform(results)

	Randomly choose a transform to apply.


	Parameters:

	results (dict) – 



	Return type:

	dict | None











	Parameters:

	
	transforms (list[Transform | list[Transform]]) – 


	prob (list[float] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.base


Module Contents


Classes



	BaseTransform

	Base class for all transformations.







	
class diffengine.datasets.transforms.base.BaseTransform

	Base class for all transformations.


	
__call__(results)

	Call function to transform data.


	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None










	
abstract transform(results)

	Transform the data.

The transform function. All subclass of BaseTransform should
override this method.

This function takes the result dict as the input, and can add new
items to the dict or modify existing items in the dict. And the result
dict will be returned in the end, which allows to concate multiple
transforms into a pipeline.


Args:


results (dict): The result dict.






Returns:


dict: The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.dump_image


Module Contents


Classes



	DumpImage

	Dump the image processed by the pipeline.



	DumpMaskedImage

	Dump Masked the image processed by the pipeline.







	
class diffengine.datasets.transforms.dump_image.DumpImage(max_imgs, dump_dir)

	Dump the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 













	
class diffengine.datasets.transforms.dump_image.DumpMaskedImage(max_imgs, dump_dir)

	Dump Masked the image processed by the pipeline.


Args:


max_imgs (int): Maximum value of output.
dump_dir (str): Dump output directory.





	
__call__(results)

	Dump the input image to the specified directory.

No changes will be
made.


Args:


results (dict): Result dict from loading pipeline.






Returns:


results (dict): Result dict from loading pipeline. (same as input)






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	max_imgs (int) – 


	dump_dir (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.formatting


Module Contents


Classes



	PackInputs

	Pack the inputs data.








Functions



	to_tensor(data)

	Convert objects of various python types to torch.Tensor.







	
diffengine.datasets.transforms.formatting.to_tensor(data)

	Convert objects of various python types to torch.Tensor.

Supported types are: numpy.ndarray, torch.Tensor,
Sequence, int and float.


	Return type:

	torch.Tensor










	
class diffengine.datasets.transforms.formatting.PackInputs(input_keys=None, skip_to_tensor_key=None)

	Bases: diffengine.datasets.transforms.BaseTransform

Pack the inputs data.

Required Keys:


	input_key




Deleted Keys:

All other keys in the dict.


Args:



	input_keys (List[str]): The key of element to feed into the model
	forwarding. Defaults to [‘img’, ‘text’].



	skip_to_tensor_key (List[str]): The key of element to skip to_tensor.
	Defaults to [‘text’].









	
transform(results)

	Transform the data.


	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	input_keys (list[str] | None) – 


	skip_to_tensor_key (list[str] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.loading


Module Contents


Classes



	LoadMask

	Load Mask for multiple types.








Functions



	random_bbox(img_shape, max_bbox_shape[, ...])

	Generate a random bbox for the mask on a given image.



	bbox2mask(img_shape, bbox[, dtype])

	Generate mask in np.ndarray from bbox.



	random_irregular_mask(img_shape[, num_vertices, ...])

	Generate random irregular masks.



	get_irregular_mask(img_shape[, area_ratio_range])

	Get irregular mask with the constraints in mask ratio.



	brush_stroke_mask(img_shape[, num_vertices, ...])

	Generate free-form mask.







	
diffengine.datasets.transforms.loading.random_bbox(img_shape, max_bbox_shape, max_bbox_delta=40, min_margin=20)

	Generate a random bbox for the mask on a given image.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

In our implementation, the max value cannot be obtained since we use
np.random.randint. And this may be different with other standard scripts
in the community.


Args:


img_shape (tuple[int]): The size of a image, in the form of (h, w).
max_bbox_shape (int | tuple[int]): Maximum shape of the mask box,


in the form of (h, w). If it is an integer, the mask box will be
square.





	max_bbox_delta (int | tuple[int]): Maximum delta of the mask box,
	in the form of (delta_h, delta_w). If it is an integer, delta_h
and delta_w will be the same. Mask shape will be randomly sampled
from the range of max_bbox_shape - max_bbox_delta and
max_bbox_shape. Default: (40, 40).



	min_margin (int | tuple[int]): The minimum margin size from the
	edges of mask box to the image boarder, in the form of
(margin_h, margin_w). If it is an integer, margin_h and margin_w
will be the same. Default: (20, 20).










Returns:


tuple[int]: The generated box, (top, left, h, w).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	max_bbox_shape (int | tuple[int, int]) – 


	max_bbox_delta (int | tuple[int, int]) – 


	min_margin (int | tuple[int, int]) – 






	Return type:

	tuple[int, int, int, int]










	
diffengine.datasets.transforms.loading.bbox2mask(img_shape, bbox, dtype='uint8')

	Generate mask in np.ndarray from bbox.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

The returned mask has the shape of (h, w, 1). ‘1’ indicates the
hole and ‘0’ indicates the valid regions.

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): The size of the image.
bbox (tuple[int]): Configuration tuple, (top, left, height, width)
np.dtype (str): Indicate the data type of returned masks.


Default: ‘uint8’









Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	bbox (tuple[int, int, int, int]) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.random_irregular_mask(img_shape, num_vertices=(4, 8), max_angle=4, length_range=(10, 100), brush_width=(10, 40), dtype='uint8')

	Generate random irregular masks.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

This is a modified version of free-form mask implemented in
‘brush_stroke_mask’.

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): Size of the image.
num_vertices (int | tuple[int]): Min and max number of vertices. If


only give an integer, we will fix the number of vertices.
Default: (4, 8).




max_angle (float): Max value of angle at each vertex. Default 4.0.
length_range (int | tuple[int]): (min_length, max_length). If only give


an integer, we will fix the length of brush. Default: (10, 100).





	brush_width (int | tuple[int]): (min_width, max_width). If only give
	an integer, we will fix the width of brush. Default: (10, 40).



	np.dtype (str): Indicate the data type of returned masks.
	Default: ‘uint8’










Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	num_vertices (int | tuple[int, int]) – 


	max_angle (float) – 


	length_range (int | tuple[int, int]) – 


	brush_width (int | tuple[int, int]) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.get_irregular_mask(img_shape, area_ratio_range=(0.15, 0.5), **kwargs)

	Get irregular mask with the constraints in mask ratio.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py


Args:


img_shape (tuple[int]): Size of the image.
area_ratio_range (tuple(float)): Contain the minimum and maximum area
ratio. Default: (0.15, 0.5).






Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	area_ratio_range (tuple[float, float]) – 






	Return type:

	numpy.ndarray










	
diffengine.datasets.transforms.loading.brush_stroke_mask(img_shape, num_vertices=(4, 12), mean_angle=2 * math.pi / 5, angle_range=2 * math.pi / 15, brush_width=(12, 40), max_loops=4, dtype='uint8')

	Generate free-form mask.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

The method of generating free-form mask is in the following paper:
Free-Form Image Inpainting with Gated Convolution.

When you set the config of this type of mask. You may note the usage of
np.random.randint and the range of np.random.randint is [left, right).

We prefer to use uint8 as the data type of masks, which may be different
from other codes in the community.


Args:


img_shape (tuple[int]): Size of the image.
num_vertices (int | tuple[int]): Min and max number of vertices. If


only give an integer, we will fix the number of vertices.
Default: (4, 12).





	mean_angle (float): Mean value of the angle in each vertex. The angle
	is measured in radians. Default: 2 * math.pi / 5.



	angle_range (float): Range of the random angle.
	Default: 2 * math.pi / 15.



	brush_width (int | tuple[int]): (min_width, max_width). If only give
	an integer, we will fix the width of brush. Default: (12, 40).



	max_loops (int): The max number of for loops of drawing strokes.
	Default: 4.



	np.dtype (str): Indicate the data type of returned masks.
	Default: ‘uint8’.










Returns:


mask (np.ndarray): Mask in the shape of (h, w, 1).






	Parameters:

	
	img_shape (tuple[int, int]) – 


	num_vertices (int | tuple[int, int]) – 


	mean_angle (float) – 


	angle_range (float) – 


	brush_width (int | tuple[int, int]) – 


	max_loops (int) – 


	dtype (str) – 






	Return type:

	numpy.ndarray










	
class diffengine.datasets.transforms.loading.LoadMask(mask_mode='bbox', mask_config=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Load Mask for multiple types.

Copied from
https://github.com/open-mmlab/mmagic/blob/main/mmagic/utils/trans_utils.py

Reference from: mmagic.datasets.transforms.loading.LoadMask

For different types of mask, users need to provide the corresponding
config dict.

Example config for bbox:

config = dict(max_bbox_shape=128)





Example config for irregular:

config = dict(
    num_vertices=(4, 12),
    max_angle=4.,
    length_range=(10, 100),
    brush_width=(10, 40),
    area_ratio_range=(0.15, 0.5))





Example config for ff:

config = dict(
    num_vertices=(4, 12),
    mean_angle=1.2,
    angle_range=0.4,
    brush_width=(12, 40))






Args:



	mask_mode (str): Mask mode in [‘bbox’, ‘irregular’, ‘ff’, ‘set’,
	‘whole’].
Default: ‘bbox’.
* bbox: square bounding box masks.
* irregular: irregular holes.
* ff: free-form holes from DeepFillv2.
* set: randomly get a mask from a mask set.
* whole: use the whole image as mask.



	mask_config (dict): Params for creating masks. Each type of mask needs
	different configs. Default: None.









	
transform(results)

	Transform function.


Args:



	results (dict): A dict containing the necessary information and
	data for augmentation.










Returns:


dict: A dict containing the processed data and information.






	Parameters:

	results (dict) – 



	Return type:

	dict











	Parameters:

	
	mask_mode (str) – 


	mask_config (dict | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.processing


Module Contents


Classes



	TorchVisonTransformWrapper

	TorchVisonTransformWrapper.



	SaveImageShape

	Save image shape as 'ori_img_shape' in results.



	RandomCrop

	RandomCrop.



	CenterCrop

	CenterCrop.



	MultiAspectRatioResizeCenterCrop

	Multi Aspect Ratio Resize and Center Crop.



	RandomHorizontalFlip

	RandomHorizontalFlip.



	ComputeTimeIds

	Compute time ids as 'time_ids' in results.



	ComputePixArtImgInfo

	Compute Orig Height and Widh + Aspect Ratio.



	CLIPImageProcessor

	CLIPImageProcessor.



	RandomTextDrop

	RandomTextDrop. Replace text to empty.



	T5TextPreprocess

	T5 Text Preprocess.



	MaskToTensor

	MaskToTensor.



	GetMaskedImage

	GetMaskedImage.



	AddConstantCaption

	AddConstantCaption.



	ConcatMultipleImgs

	ConcatMultipleImgs.



	ComputeaMUSEdMicroConds

	Compute aMUSEd micro_conds as 'micro_conds' in results.



	TransformersImageProcessor

	TransformersImageProcessor.



	TimmImageProcessor

	TransformersImageProcessor.








Functions



	_str_to_torch_dtype(t)

	Map to torch.dtype.



	_interpolation_modes_from_str(t)

	Map to Interpolation.



	register_vision_transforms()

	Register vision transforms.








Attributes



	VISION_TRANSFORMS

	







	
diffengine.datasets.transforms.processing._str_to_torch_dtype(t)

	Map to torch.dtype.


	Parameters:

	t (str) – 










	
diffengine.datasets.transforms.processing._interpolation_modes_from_str(t)

	Map to Interpolation.


	Parameters:

	t (str) – 










	
class diffengine.datasets.transforms.processing.TorchVisonTransformWrapper(transform, *args, keys=None, **kwargs)

	TorchVisonTransformWrapper.

We can use torchvision.transforms like dict(type=’torchvision/Resize’,
size=512)


Args:



	transform (str): The name of transform. For example
	torchvision/Resize.





keys (List[str]): keys to apply augmentation from results.





	
__call__(results)

	Call transform.


	Parameters:

	results (dict) – 



	Return type:

	dict










	
__repr__()

	Repr.


	Return type:

	str











	Parameters:

	keys (list[str] | None) – 










	
diffengine.datasets.transforms.processing.register_vision_transforms()

	Register vision transforms.

Register transforms in torchvision.transforms to the TRANSFORMS
registry.


	Returns:

	List[str]



	Return type:

	A list of registered transforms’ name.










	
diffengine.datasets.transforms.processing.VISION_TRANSFORMS

	




	
class diffengine.datasets.transforms.processing.SaveImageShape

	Bases: diffengine.datasets.transforms.base.BaseTransform

Save image shape as ‘ori_img_shape’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘ori_img_shape’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.RandomCrop(*args, size, keys=None, force_same_size=True, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomCrop.


	The difference from torchvision/RandomCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results
2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.
force_same_size (bool): Force same size for all keys. Defaults to True.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:



	dict: ‘crop_top_left’ and  crop_bottom_right key is added as crop
	point.










	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 


	force_same_size (bool) – 













	
class diffengine.datasets.transforms.processing.CenterCrop(*args, size, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CenterCrop.


	The difference from torchvision/CenterCrop is
	1. save crop top left as ‘crop_top_left’ and crop_bottom_right in
results






Args:



	size (sequence or int): Desired output size of the crop. If size is an
	int instead of sequence like (h, w), a square crop (size, size) is
made. If provided a sequence of length 1, it will be interpreted
as (size[0], size[0])





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is added as crop points.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	size (collections.abc.Sequence[int] | int) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.MultiAspectRatioResizeCenterCrop(*args, sizes, keys=None, interpolation='bilinear', **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Multi Aspect Ratio Resize and Center Crop.


Args:



	sizes (List[sequence]): List of desired output size of the crop.
	Sequence like (h, w).





keys (List[str]): keys to apply augmentation from results.
interpolation (str): Desired interpolation enum defined by


torchvision.transforms.InterpolationMode.
Defaults to ‘bilinear’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	sizes (list[collections.abc.Sequence[int]]) – 


	keys (list[str] | None) – 


	interpolation (str) – 













	
class diffengine.datasets.transforms.processing.RandomHorizontalFlip(*args, p=0.5, keys=None, **kwargs)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomHorizontalFlip.


	The difference from torchvision/RandomHorizontalFlip is
	
	update ‘crop_top_left’ and crop_bottom_right if exists.




2. apply same random parameters to multiple keys like [‘img’,
‘condition_img’].






Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘crop_top_left’ key is fixed.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.ComputeTimeIds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute time ids as ‘time_ids’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.ComputePixArtImgInfo

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute Orig Height and Widh + Aspect Ratio.

Return ‘resolution’, ‘aspect_ratio’ in results


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘time_ids’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.CLIPImageProcessor(key='img', output_key='clip_img', pretrained=None, subfolder=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

CLIPImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 


	subfolder (str | None) – 













	
class diffengine.datasets.transforms.processing.RandomTextDrop(p=0.1, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

RandomTextDrop. Replace text to empty.


Args:



	p (float): probability of the image being flipped.
	Default value is 0.5.





keys (List[str]): keys to apply augmentation from results.





	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	p (float) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.T5TextPreprocess(keys=None, *, clean_caption=True)

	Bases: diffengine.datasets.transforms.base.BaseTransform

T5 Text Preprocess.


Args:


keys (List[str]): keys to apply augmentation from results.
clean_caption (bool): clean caption. Defaults to False.





	
_clean_caption(caption)

	Clean caption.

Copied from
diffusers.pipelines.deepfloyd_if.pipeline_if.IFPipeline._clean_caption


	Parameters:

	caption (str) – 



	Return type:

	str










	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	keys (list[str] | None) – 


	clean_caption (bool) – 













	
class diffengine.datasets.transforms.processing.MaskToTensor(key='mask')

	Bases: diffengine.datasets.transforms.base.BaseTransform

MaskToTensor.


	Convert mask to tensor.


	Transpose mask from (H, W, 1) to (1, H, W)





Args:



	key (str): key to apply augmentation from results.
	Defaults to ‘mask’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.processing.GetMaskedImage(key='masked_image')

	Bases: diffengine.datasets.transforms.base.BaseTransform

GetMaskedImage.


Args:



	key (str): key to outputs.
	Defaults to ‘masked_image’.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	key (str) – 










	
class diffengine.datasets.transforms.processing.AddConstantCaption(constant_caption, keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

AddConstantCaption.


	Example. “a dog.” * constant_caption=”in szn style”
	-> “a dog. in szn style”






Args:


constant_caption (str): constant_caption to add.
keys (List[str], optional): keys to apply augmentation from results.


Defaults to None.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	constant_caption (str) – 


	keys (list[str] | None) – 













	
class diffengine.datasets.transforms.processing.ConcatMultipleImgs(keys=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

ConcatMultipleImgs.


Args:



	keys (List[str], optional): keys to apply augmentation from results.
	Defaults to None.









	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	keys (list[str] | None) – 










	
class diffengine.datasets.transforms.processing.ComputeaMUSEdMicroConds

	Bases: diffengine.datasets.transforms.base.BaseTransform

Compute aMUSEd micro_conds as ‘micro_conds’ in results.


	
transform(results)

	Transform.


Args:


results (dict): The result dict.






Returns:


dict: ‘micro_conds’ key is added as original image shape.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None














	
class diffengine.datasets.transforms.processing.TransformersImageProcessor(key='img', output_key='clip_img', pretrained=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	key (str) – 


	output_key (str) – 


	pretrained (str | None) – 













	
class diffengine.datasets.transforms.processing.TimmImageProcessor(pretrained, key='img', output_key='clip_img')

	Bases: diffengine.datasets.transforms.base.BaseTransform

TransformersImageProcessor.


Args:


pretrained (str): pretrained model name.
key (str): key to apply augmentation from results. Defaults to ‘img’.
output_key (str): output_key after applying augmentation from


results. Defaults to ‘clip_img’.








	
transform(results)

	Transform.


Args:


results (dict): The result dict.






	Parameters:

	results (dict) – 



	Return type:

	dict | tuple[list, list] | None











	Parameters:

	
	pretrained (str) – 


	key (str) – 


	output_key (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.transforms.wrappers


Module Contents


Classes



	RandomChoice

	Process data with a randomly chosen transform from given candidates.








Attributes



	Transform

	







	
diffengine.datasets.transforms.wrappers.Transform

	




	
class diffengine.datasets.transforms.wrappers.RandomChoice(transforms, prob=None)

	Bases: diffengine.datasets.transforms.base.BaseTransform

Process data with a randomly chosen transform from given candidates.

Copied from mmcv/transforms/wrappers.py.


Args:



	transforms (list[list]): A list of transform candidates, each is a
	sequence of transforms.



	prob (list[float], optional): The probabilities associated
	with each pipeline. The length should be equal to the pipeline
number and the sum should be 1. If not given, a uniform
distribution will be assumed.










Examples:

>>> # config
>>> pipeline = [
>>>     dict(type='RandomChoice',
>>>         transforms=[
>>>             [dict(type='RandomHorizontalFlip')],  # subpipeline 1
>>>             [dict(type='RandomRotate')],  # subpipeline 2
>>>         ]
>>>     )
>>> ]






	
__iter__()

	Iterate over transforms.


	Return type:

	collections.abc.Iterator










	
random_pipeline_index()

	Return a random transform index.


	Return type:

	int










	
transform(results)

	Randomly choose a transform to apply.


	Parameters:

	results (dict) – 



	Return type:

	dict | None











	Parameters:

	
	transforms (list[Transform | list[Transform]]) – 


	prob (list[float] | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.samplers


Submodules



	diffengine.datasets.samplers.batch_sampler







Package Contents


Classes



	AspectRatioBatchSampler

	Aspect ratio batch sampler.







	
class diffengine.datasets.samplers.AspectRatioBatchSampler(sampler, batch_size, bucket_ids=None, *, drop_last=False)

	Bases: torch.utils.data.BatchSampler

Aspect ratio batch sampler.

A sampler wrapper for grouping images with similar aspect ratio into a
same batch.


Args:


sampler (Sampler): Base sampler.
batch_size (int): Size of mini-batch.
bucket_ids (str | None): The path of bucket ids. If None, the


bucket ids will be calculated automatically. Default: None.





	drop_last (bool): If True, the sampler will drop the last batch if
	its size would be less than batch_size.









	
__iter__()

	Get the iterator of the sampler.


	Return type:

	collections.abc.Generator










	
__len__()

	Get the length of the sampler.


	Return type:

	int











	Parameters:

	
	sampler (torch.utils.data.Sampler) – 


	batch_size (int) – 


	bucket_ids (str | None) – 


	drop_last (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.datasets.samplers.batch_sampler


Module Contents


Classes



	AspectRatioBatchSampler

	Aspect ratio batch sampler.







	
class diffengine.datasets.samplers.batch_sampler.AspectRatioBatchSampler(sampler, batch_size, bucket_ids=None, *, drop_last=False)

	Bases: torch.utils.data.BatchSampler

Aspect ratio batch sampler.

A sampler wrapper for grouping images with similar aspect ratio into a
same batch.


Args:


sampler (Sampler): Base sampler.
batch_size (int): Size of mini-batch.
bucket_ids (str | None): The path of bucket ids. If None, the


bucket ids will be calculated automatically. Default: None.





	drop_last (bool): If True, the sampler will drop the last batch if
	its size would be less than batch_size.









	
__iter__()

	Get the iterator of the sampler.


	Return type:

	collections.abc.Generator










	
__len__()

	Get the length of the sampler.


	Return type:

	int











	Parameters:

	
	sampler (torch.utils.data.Sampler) – 


	batch_size (int) – 


	bucket_ids (str | None) – 


	drop_last (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks


Submodules



	diffengine.engine.hooks.compile_hook

	diffengine.engine.hooks.controlnet_save_hook

	diffengine.engine.hooks.fast_norm_hook

	diffengine.engine.hooks.ip_adapter_save_hook

	diffengine.engine.hooks.lcm_ema_update_hook

	diffengine.engine.hooks.peft_save_hook

	diffengine.engine.hooks.prior_save_hook

	diffengine.engine.hooks.sd_checkpoint_hook

	diffengine.engine.hooks.t2i_adapter_save_hook

	diffengine.engine.hooks.transformer_checkpoint_hook

	diffengine.engine.hooks.unet_ema_hook

	diffengine.engine.hooks.visualization_hook







Package Contents


Classes



	CompileHook

	Compile Hook.



	ControlNetSaveHook

	ControlNet Save Hook.



	FastNormHook

	Fast Normalization Hook.



	IPAdapterSaveHook

	IP Adapter Save Hook.



	LCMEMAUpdateHook

	LCM EMA Update Hook.



	PeftSaveHook

	Peft Save Hook.



	PriorSaveHook

	Prior Save Hook.



	SDCheckpointHook

	Delete 'vae' from checkpoint for efficient save.



	T2IAdapterSaveHook

	T2I Adapter Save Hook.



	TransformerCheckpointHook

	Delete 'vae' from checkpoint for efficient save.



	UnetEMAHook

	Unet EMA Hook.



	VisualizationHook

	Basic hook that invoke visualizers after train epoch.







	
class diffengine.engine.hooks.CompileHook(backend='inductor', mode=None, *, compile_main=False)

	Bases: mmengine.hooks.Hook

Compile Hook.


Args:



	backend (str): The backend to use for compilation.
	Defaults to “inductor”.





mode (str): The mode to use for compilation. Defaults to None.
compile_main (bool): Whether to compile the main network like unet or


transformer. Defaults to False.








	
priority = VERY_LOW

	




	
before_train(runner)

	Compile the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	backend (str) – 


	mode (str | None) – 


	compile_main (bool) – 













	
class diffengine.engine.hooks.ControlNetSaveHook

	Bases: mmengine.hooks.Hook

ControlNet Save Hook.

Save ControlNet weights with diffusers format and pick up ControlNet
weights from checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.FastNormHook(*, fuse_text_encoder_ln=False, fuse_main_ln=True, fuse_gn=False)

	Bases: mmengine.hooks.Hook

Fast Normalization Hook.

Replace the normalization layer with a faster one.


Args:



	fuse_text_encoder_ln (bool): Whether to fuse the text encoder layer
	normalization. Defaults to False.



	fuse_main_ln (bool): Whether to replace the layer normalization
	in main module like unet or transformer. Defaults to True.



	fuse_gn (bool)Whether to replace the group normalization.
	Defaults to False.









	
priority = VERY_LOW

	




	
_replace_ln(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn_forward(module, name)

	Replace the group normalization forward with a faster one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 






	Return type:

	None










	
before_train(runner)

	Replace the normalization layer with a faster one.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	fuse_text_encoder_ln (bool) – 


	fuse_main_ln (bool) – 


	fuse_gn (bool) – 













	
class diffengine.engine.hooks.IPAdapterSaveHook

	Bases: mmengine.hooks.Hook

IP Adapter Save Hook.

Save IP-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.LCMEMAUpdateHook

	Bases: mmengine.hooks.hook.Hook

LCM EMA Update Hook.


	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	Update ema parameter.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch in the train loop.
data_batch (Sequence[dict], optional): Data from dataloader.


Defaults to None.




outputs (dict, optional): Outputs from model. Defaults to None.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (dict | None) – 






	Return type:

	None














	
class diffengine.engine.hooks.PeftSaveHook

	Bases: mmengine.hooks.Hook

Peft Save Hook.

Save LoRA weights with diffusers format and pick up LoRA weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.PriorSaveHook

	Bases: mmengine.hooks.Hook

Prior Save Hook.

Save Prior weights with diffusers format and pick up Prior weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.SDCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.T2IAdapterSaveHook

	Bases: mmengine.hooks.Hook

T2I Adapter Save Hook.

Save T2I-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.TransformerCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.UnetEMAHook(ema_type='ExponentialMovingAverage', strict_load=False, begin_iter=0, begin_epoch=0, **kwargs)

	Bases: mmengine.hooks.ema_hook.EMAHook

Unet EMA Hook.


	Parameters:

	
	ema_type (str) – 


	strict_load (bool) – 


	begin_iter (int) – 


	begin_epoch (int) – 









	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
_swap_ema_state_dict(checkpoint)

	Swap the state dict values of model with ema_model.


	Parameters:

	checkpoint (dict) – 



	Return type:

	None










	
after_load_checkpoint(runner, checkpoint)

	Resume ema parameters from checkpoint.


Args:


runner (Runner): The runner of the testing process.
checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.hooks.VisualizationHook(prompt, interval=1, height=None, width=None, *, by_epoch=True, **kwargs)

	Bases: mmengine.hooks.Hook

Basic hook that invoke visualizers after train epoch.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	interval (int): Visualization interval (every k iterations).
	Defaults to 1.





by_epoch (bool): Whether to visualize by epoch. Defaults to True.
height (int, optional, defaults to


self.unet.config.sample_size * self.vae_scale_factor):
The height in pixels of the generated image.





	width (int, optional, defaults to
	self.unet.config.sample_size * self.vae_scale_factor):
The width in pixels of the generated image.









	
priority = NORMAL

	




	
before_train(runner)

	Before train hook.


	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	After train iter hook.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch.
data_batch (DATA_BATCH, optional): The current data batch.
outputs (dict, optional): The outputs of the current batch.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (Optional[dict]) – 






	Return type:

	None










	
after_train_epoch(runner)

	After train epoch hook.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	prompt (list[str]) – 


	interval (int) – 


	height (int | None) – 


	width (int | None) – 


	by_epoch (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.compile_hook


Module Contents


Classes



	CompileHook

	Compile Hook.







	
class diffengine.engine.hooks.compile_hook.CompileHook(backend='inductor', mode=None, *, compile_main=False)

	Bases: mmengine.hooks.Hook

Compile Hook.


Args:



	backend (str): The backend to use for compilation.
	Defaults to “inductor”.





mode (str): The mode to use for compilation. Defaults to None.
compile_main (bool): Whether to compile the main network like unet or


transformer. Defaults to False.








	
priority = VERY_LOW

	




	
before_train(runner)

	Compile the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	backend (str) – 


	mode (str | None) – 


	compile_main (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.controlnet_save_hook


Module Contents


Classes



	ControlNetSaveHook

	ControlNet Save Hook.







	
class diffengine.engine.hooks.controlnet_save_hook.ControlNetSaveHook

	Bases: mmengine.hooks.Hook

ControlNet Save Hook.

Save ControlNet weights with diffusers format and pick up ControlNet
weights from checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.fast_norm_hook


Module Contents


Classes



	FastNormHook

	Fast Normalization Hook.








Functions



	_fast_gn_forward(self, x)

	Faster group normalization forward.








Attributes



	apex

	







	
diffengine.engine.hooks.fast_norm_hook.apex

	




	
diffengine.engine.hooks.fast_norm_hook._fast_gn_forward(self, x)

	Faster group normalization forward.

Copied from
https://github.com/huggingface/pytorch-image-models/blob/main/timm/layers/
fast_norm.py


	Parameters:

	x (torch.Tensor) – 



	Return type:

	torch.Tensor










	
class diffengine.engine.hooks.fast_norm_hook.FastNormHook(*, fuse_text_encoder_ln=False, fuse_main_ln=True, fuse_gn=False)

	Bases: mmengine.hooks.Hook

Fast Normalization Hook.

Replace the normalization layer with a faster one.


Args:



	fuse_text_encoder_ln (bool): Whether to fuse the text encoder layer
	normalization. Defaults to False.



	fuse_main_ln (bool): Whether to replace the layer normalization
	in main module like unet or transformer. Defaults to True.



	fuse_gn (bool)Whether to replace the group normalization.
	Defaults to False.









	
priority = VERY_LOW

	




	
_replace_ln(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn_forward(module, name)

	Replace the group normalization forward with a faster one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 






	Return type:

	None










	
before_train(runner)

	Replace the normalization layer with a faster one.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	fuse_text_encoder_ln (bool) – 


	fuse_main_ln (bool) – 


	fuse_gn (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.ip_adapter_save_hook


Module Contents


Classes



	IPAdapterSaveHook

	IP Adapter Save Hook.







	
class diffengine.engine.hooks.ip_adapter_save_hook.IPAdapterSaveHook

	Bases: mmengine.hooks.Hook

IP Adapter Save Hook.

Save IP-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.lcm_ema_update_hook


Module Contents


Classes



	LCMEMAUpdateHook

	LCM EMA Update Hook.







	
class diffengine.engine.hooks.lcm_ema_update_hook.LCMEMAUpdateHook

	Bases: mmengine.hooks.hook.Hook

LCM EMA Update Hook.


	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	Update ema parameter.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch in the train loop.
data_batch (Sequence[dict], optional): Data from dataloader.


Defaults to None.




outputs (dict, optional): Outputs from model. Defaults to None.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (dict | None) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.peft_save_hook


Module Contents


Classes



	PeftSaveHook

	Peft Save Hook.







	
class diffengine.engine.hooks.peft_save_hook.PeftSaveHook

	Bases: mmengine.hooks.Hook

Peft Save Hook.

Save LoRA weights with diffusers format and pick up LoRA weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.prior_save_hook


Module Contents


Classes



	PriorSaveHook

	Prior Save Hook.







	
class diffengine.engine.hooks.prior_save_hook.PriorSaveHook

	Bases: mmengine.hooks.Hook

Prior Save Hook.

Save Prior weights with diffusers format and pick up Prior weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.sd_checkpoint_hook


Module Contents


Classes



	SDCheckpointHook

	Delete 'vae' from checkpoint for efficient save.







	
class diffengine.engine.hooks.sd_checkpoint_hook.SDCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.t2i_adapter_save_hook


Module Contents


Classes



	T2IAdapterSaveHook

	T2I Adapter Save Hook.







	
class diffengine.engine.hooks.t2i_adapter_save_hook.T2IAdapterSaveHook

	Bases: mmengine.hooks.Hook

T2I Adapter Save Hook.

Save T2I-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.transformer_checkpoint_hook


Module Contents


Classes



	TransformerCheckpointHook

	Delete 'vae' from checkpoint for efficient save.







	
class diffengine.engine.hooks.transformer_checkpoint_hook.TransformerCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.unet_ema_hook


Module Contents


Classes



	UnetEMAHook

	Unet EMA Hook.







	
class diffengine.engine.hooks.unet_ema_hook.UnetEMAHook(ema_type='ExponentialMovingAverage', strict_load=False, begin_iter=0, begin_epoch=0, **kwargs)

	Bases: mmengine.hooks.ema_hook.EMAHook

Unet EMA Hook.


	Parameters:

	
	ema_type (str) – 


	strict_load (bool) – 


	begin_iter (int) – 


	begin_epoch (int) – 









	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
_swap_ema_state_dict(checkpoint)

	Swap the state dict values of model with ema_model.


	Parameters:

	checkpoint (dict) – 



	Return type:

	None










	
after_load_checkpoint(runner, checkpoint)

	Resume ema parameters from checkpoint.


Args:


runner (Runner): The runner of the testing process.
checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None


















            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.hooks.visualization_hook


Module Contents


Classes



	VisualizationHook

	Basic hook that invoke visualizers after train epoch.







	
class diffengine.engine.hooks.visualization_hook.VisualizationHook(prompt, interval=1, height=None, width=None, *, by_epoch=True, **kwargs)

	Bases: mmengine.hooks.Hook

Basic hook that invoke visualizers after train epoch.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	interval (int): Visualization interval (every k iterations).
	Defaults to 1.





by_epoch (bool): Whether to visualize by epoch. Defaults to True.
height (int, optional, defaults to


self.unet.config.sample_size * self.vae_scale_factor):
The height in pixels of the generated image.





	width (int, optional, defaults to
	self.unet.config.sample_size * self.vae_scale_factor):
The width in pixels of the generated image.









	
priority = NORMAL

	




	
before_train(runner)

	Before train hook.


	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	After train iter hook.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch.
data_batch (DATA_BATCH, optional): The current data batch.
outputs (dict, optional): The outputs of the current batch.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (Optional[dict]) – 






	Return type:

	None










	
after_train_epoch(runner)

	After train epoch hook.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	prompt (list[str]) – 


	interval (int) – 


	height (int | None) – 


	width (int | None) – 


	by_epoch (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.archs


Submodules



	diffengine.models.archs.ip_adapter

	diffengine.models.archs.peft







Package Contents


Functions



	load_ip_adapter(unet, image_projection, ...)

	Load IP-Adapter pretrained weights.



	process_ip_adapter_state_dict(unet, image_projection)

	Process IP-Adapter state dict.



	set_unet_ip_adapter(unet)

	Set IP-Adapter for Unet.



	create_peft_config(config)

	Create a PEFT config from a DiffEngine config.







	
diffengine.models.archs.load_ip_adapter(unet, image_projection, pretrained_adapter, subfolder, weights_name)

	Load IP-Adapter pretrained weights.

Reference to diffusers/loaders/ip_adapter.py. and
diffusers/loaders/unet.py.


	Parameters:

	
	unet (torch.nn.Module) – 


	image_projection (torch.nn.Module) – 


	pretrained_adapter (str) – 


	subfolder (str) – 


	weights_name (str) – 






	Return type:

	None










	
diffengine.models.archs.process_ip_adapter_state_dict(unet, image_projection)

	Process IP-Adapter state dict.


	Parameters:

	
	unet (torch.nn.Module) – 


	image_projection (torch.nn.Module) – 






	Return type:

	dict










	
diffengine.models.archs.set_unet_ip_adapter(unet)

	Set IP-Adapter for Unet.


Args:


unet (nn.Module): The unet to set IP-Adapter.






	Parameters:

	unet (torch.nn.Module) – 



	Return type:

	None










	
diffengine.models.archs.create_peft_config(config)

	Create a PEFT config from a DiffEngine config.


Args:


config: DiffEngine config.






	Parameters:

	config (dict) – 



	Return type:

	peft.PeftConfig














            

          

      

      

    

  

    
      
          
            
  
diffengine.models.archs.ip_adapter


Module Contents


Functions



	set_unet_ip_adapter(unet)

	Set IP-Adapter for Unet.



	load_ip_adapter(unet, image_projection, ...)

	Load IP-Adapter pretrained weights.



	process_ip_adapter_state_dict(unet, image_projection)

	Process IP-Adapter state dict.







	
diffengine.models.archs.ip_adapter.set_unet_ip_adapter(unet)

	Set IP-Adapter for Unet.


Args:


unet (nn.Module): The unet to set IP-Adapter.






	Parameters:

	unet (torch.nn.Module) – 



	Return type:

	None










	
diffengine.models.archs.ip_adapter.load_ip_adapter(unet, image_projection, pretrained_adapter, subfolder, weights_name)

	Load IP-Adapter pretrained weights.

Reference to diffusers/loaders/ip_adapter.py. and
diffusers/loaders/unet.py.


	Parameters:

	
	unet (torch.nn.Module) – 


	image_projection (torch.nn.Module) – 


	pretrained_adapter (str) – 


	subfolder (str) – 


	weights_name (str) – 






	Return type:

	None










	
diffengine.models.archs.ip_adapter.process_ip_adapter_state_dict(unet, image_projection)

	Process IP-Adapter state dict.


	Parameters:

	
	unet (torch.nn.Module) – 


	image_projection (torch.nn.Module) – 






	Return type:

	dict














            

          

      

      

    

  

    
      
          
            
  
diffengine.models.archs.peft


Module Contents


Functions



	create_peft_config(config)

	Create a PEFT config from a DiffEngine config.







	
diffengine.models.archs.peft.create_peft_config(config)

	Create a PEFT config from a DiffEngine config.


Args:


config: DiffEngine config.






	Parameters:

	config (dict) – 



	Return type:

	peft.PeftConfig














            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses


Submodules



	diffengine.models.losses.base

	diffengine.models.losses.cross_entropy_loss

	diffengine.models.losses.debias_estimation_loss

	diffengine.models.losses.hubar_loss

	diffengine.models.losses.l2_loss

	diffengine.models.losses.snr_l2_loss

	diffengine.models.losses.utils







Package Contents


Classes



	CrossEntropyLoss

	CrossEntropy loss.



	DeBiasEstimationLoss

	DeBias Estimation loss.



	HuberLoss

	Huber loss.



	L2Loss

	L2 loss.



	SNRL2Loss

	SNR weighting gamma L2 loss.







	
class diffengine.models.losses.CrossEntropyLoss(loss_weight=1.0, reduction='mean', ignore_index=-100, loss_name='cross_entropy')

	Bases: diffengine.models.losses.base.BaseLoss

CrossEntropy loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	ignore_index (int): Specifies a target value that is ignored.
	Defaults to -100.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	ignore_index (int) – 


	loss_name (str) – 













	
class diffengine.models.losses.DeBiasEstimationLoss(loss_weight=1.0, reduction='mean', loss_name='debias_estimation')

	Bases: diffengine.models.losses.base.BaseLoss

DeBias Estimation loss.

https://arxiv.org/abs/2310.08442


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.losses.HuberLoss(delta=1.0, loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

Huber loss.


Args:



	delta (float, optional): Specifies the threshold at which to change
	between delta-scaled L1 and L2 loss. The value must be positive.
Default: 1.0



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	delta (float) – 


	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.losses.L2Loss(loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

L2 loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.losses.SNRL2Loss(loss_weight=1.0, snr_gamma=5.0, reduction='mean', loss_name='snrl2')

	Bases: diffengine.models.losses.base.BaseLoss

SNR weighting gamma L2 loss.

https://arxiv.org/abs/2303.09556


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	snr_gamma (float): SNR weighting gamma to be used if re balancing the
	loss.  “More details here: https://arxiv.org/abs/2303.09556.”
Defaults to 5..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	snr_gamma (float) – 


	reduction (str) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.base


Module Contents


Classes



	BaseLoss

	Base class for all losses.







	
class diffengine.models.losses.base.BaseLoss(*args, **kwargs)

	Bases: torch.nn.Module

Base class for all losses.


	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.cross_entropy_loss


Module Contents


Classes



	CrossEntropyLoss

	CrossEntropy loss.







	
class diffengine.models.losses.cross_entropy_loss.CrossEntropyLoss(loss_weight=1.0, reduction='mean', ignore_index=-100, loss_name='cross_entropy')

	Bases: diffengine.models.losses.base.BaseLoss

CrossEntropy loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	ignore_index (int): Specifies a target value that is ignored.
	Defaults to -100.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	ignore_index (int) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.debias_estimation_loss


Module Contents


Classes



	DeBiasEstimationLoss

	DeBias Estimation loss.







	
class diffengine.models.losses.debias_estimation_loss.DeBiasEstimationLoss(loss_weight=1.0, reduction='mean', loss_name='debias_estimation')

	Bases: diffengine.models.losses.base.BaseLoss

DeBias Estimation loss.

https://arxiv.org/abs/2310.08442


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.hubar_loss


Module Contents


Classes



	HuberLoss

	Huber loss.







	
class diffengine.models.losses.hubar_loss.HuberLoss(delta=1.0, loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

Huber loss.


Args:



	delta (float, optional): Specifies the threshold at which to change
	between delta-scaled L1 and L2 loss. The value must be positive.
Default: 1.0



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	delta (float) – 


	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.l2_loss


Module Contents


Classes



	L2Loss

	L2 loss.







	
class diffengine.models.losses.l2_loss.L2Loss(loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

L2 loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.snr_l2_loss


Module Contents


Classes



	SNRL2Loss

	SNR weighting gamma L2 loss.







	
class diffengine.models.losses.snr_l2_loss.SNRL2Loss(loss_weight=1.0, snr_gamma=5.0, reduction='mean', loss_name='snrl2')

	Bases: diffengine.models.losses.base.BaseLoss

SNR weighting gamma L2 loss.

https://arxiv.org/abs/2303.09556


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	snr_gamma (float): SNR weighting gamma to be used if re balancing the
	loss.  “More details here: https://arxiv.org/abs/2303.09556.”
Defaults to 5..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	snr_gamma (float) – 


	reduction (str) – 


	loss_name (str) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.losses.utils


Module Contents


Functions



	compute_snr(timesteps, alphas_cumprod)

	Compute SNR.







	
diffengine.models.losses.utils.compute_snr(timesteps, alphas_cumprod)

	Compute SNR.

Refer to https://github.com/TiankaiHang/Min-SNR-Diffusion-Tra
ining/blob/521b624bd70c67cee4bdf49225915f5945a872e3/guided_diffusion/gaussi
an_diffusion.py#L847-L849.


	Return type:

	torch.Tensor














            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors


Subpackages



	diffengine.models.editors.amused
	diffengine.models.editors.amused.amused

	diffengine.models.editors.amused.amused_data_preprocessor





	diffengine.models.editors.deepfloyd_if
	diffengine.models.editors.deepfloyd_if.deepfloyd_if





	diffengine.models.editors.distill_sd
	diffengine.models.editors.distill_sd.distill_sd_xl





	diffengine.models.editors.esd
	diffengine.models.editors.esd.esd_xl

	diffengine.models.editors.esd.esd_xl_data_preprocessor





	diffengine.models.editors.instruct_pix2pix
	diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl





	diffengine.models.editors.ip_adapter
	diffengine.models.editors.ip_adapter.ip_adapter_xl

	diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor

	diffengine.models.editors.ip_adapter.ip_adapter_xl_timm

	diffengine.models.editors.ip_adapter.pipeline





	diffengine.models.editors.kandinsky
	diffengine.models.editors.kandinsky.kandinskyv22_decoder

	diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor

	diffengine.models.editors.kandinsky.kandinskyv22_prior

	diffengine.models.editors.kandinsky.kandinskyv3





	diffengine.models.editors.lcm
	diffengine.models.editors.lcm.lcm_modules

	diffengine.models.editors.lcm.lcm_xl





	diffengine.models.editors.pixart_alpha
	diffengine.models.editors.pixart_alpha.pixart_alpha

	diffengine.models.editors.pixart_alpha.pixart_alpha_data_preprocessor





	diffengine.models.editors.ssd_1b
	diffengine.models.editors.ssd_1b.ssd_1b





	diffengine.models.editors.stable_diffusion
	diffengine.models.editors.stable_diffusion.sd_data_preprocessor

	diffengine.models.editors.stable_diffusion.stable_diffusion





	diffengine.models.editors.stable_diffusion_controlnet
	diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet





	diffengine.models.editors.stable_diffusion_inpaint
	diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint





	diffengine.models.editors.stable_diffusion_xl
	diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl





	diffengine.models.editors.stable_diffusion_xl_controlnet
	diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet





	diffengine.models.editors.stable_diffusion_xl_dpo
	diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo





	diffengine.models.editors.stable_diffusion_xl_inpaint
	diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint





	diffengine.models.editors.t2i_adapter
	diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter
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class diffengine.models.editors.AMUSEd(tokenizer, text_encoder, vae, transformer, model='amused/amused-512', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

aMUSEd.


Args:


tokenizer (dict): Config of tokenizer.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name.


Defaults to “amused/amused-512”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer.
example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=12, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 12.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.AMUSEdPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

AMUSEdPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.DeepFloydIF(tokenizer, scheduler, text_encoder, unet, model='DeepFloyd/IF-I-XL-v1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=77, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

DeepFloyd/IF.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘DeepFloyd/IF-I-XL-v1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 77.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘pt’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.DistillSDXL(*args, model_type, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Distill Stable Diffusion XL.


Args:



	model_type (str): The type of model to use. Choice from sd_tiny,
	sd_small.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_prepare_student()

	
	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model_type (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 













	
class diffengine.models.editors.ESDXL(*args, finetune_text_encoder=False, pre_compute_text_embeddings=True, height=1024, width=1024, negative_guidance=1.0, train_method='full', prediction_type=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Erasing Concepts from Diffusion Models.


Args:


height (int): Image height. Defaults to 1024.
width (int): Image width. Defaults to 1024.
negative_guidance (float): Negative guidance for loss. Defaults to 1.0.
train_method (str): Training method. Choice from full, xattn,


noxattn, selfattn. Defaults to full








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_freeze_unet()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
abstract _preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	finetune_text_encoder (bool) – 


	pre_compute_text_embeddings (bool) – 


	height (int) – 


	width (int) – 


	negative_guidance (float) – 


	train_method (str) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.ESDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

ESDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	Union[dict, list]














	
class diffengine.models.editors.StableDiffusionXLInstructPix2Pix(*args, zeros_image_embeddings_prob=0.1, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Instruct Pix2Pix.


Args:



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	zeros_image_embeddings_prob (float) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.IPAdapterXL(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL IP-Adapter.


Args:


image_encoder (dict): The image encoder config.
image_projection (dict): The image projection config.
feature_extractor (dict): The feature extractor config.
pretrained_adapter (str, optional): Path to pretrained IP-Adapter.


Defaults to None.





	pretrained_adapter_subfolder (str, optional): Sub folder of pretrained
	IP-Adapter. Defaults to ‘’.



	pretrained_adapter_weights_name (str, optional): Weights name of
	pretrained IP-Adapter. Defaults to ‘’.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.



	hidden_states_idx (int): Index of the hidden states to be used.
	Defaults to -2.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_ip_adapter()

	Set IP-Adapter for model.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 













	
class diffengine.models.editors.IPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: IPAdapterXL

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict














	
class diffengine.models.editors.IPAdapterXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

IPAdapterXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.TimmIPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXLPlus

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (list | None) – 


	mode (str) – 






	Return type:

	dict














	
class diffengine.models.editors.KandinskyV22Prior(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, prior_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Prior.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.KandinskyV22Decoder(scheduler, image_encoder, vae, unet, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, unet_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Decoder.


Args:


scheduler (dict): Config of scheduler.
image_encoder (dict): Config of image encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	scheduler (dict) – 


	image_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.KandinskyV22DecoderDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

KandinskyV22DecoderDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.KandinskyV3(tokenizer, scheduler, text_encoder, vae, unet, model='kandinsky-community/kandinsky-3', loss=None, unet_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=128, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV3.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name.


Defaults to “kandinsky-community/kandinsky-3”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 128.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.LatentConsistencyModelsXL(*args, timesteps_generator=None, num_ddim_timesteps=50, w_min=3.0, w_max=15.0, ema_type='ExponentialMovingAverage', ema_momentum=0.05, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Latent Consistency Models.


Args:



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='DDIMTimeSteps').





num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.
w_min (float): Minimum guidance scale. Defaults to 3.0.
w_max (float): Maximum guidance scale. Defaults to 15.0.
ema_type (str): The type of EMA.


Defaults to ‘ExponentialMovingAverage’.




ema_momentum (float): The EMA momentum. Defaults to 0.05.





	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, height=None, width=None, num_inference_steps=4, guidance_scale=1.0, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.





guidance_scale (float): The guidance scale. Defaults to 1.0.
output_type (str): The output format of the generate image.


Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.




**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	guidance_scale (float) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
loss(model_pred, gt, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict










	
_predicted_origin(model_output, timesteps, sample)

	Predict the origin of the model output.


Args:


model_output (torch.Tensor): The model output.
timesteps (torch.Tensor): The timesteps.
sample (torch.Tensor): The sample.






	Parameters:

	
	model_output (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	sample (torch.Tensor) – 






	Return type:

	torch.Tensor











	Parameters:

	
	timesteps_generator (dict | None) – 


	num_ddim_timesteps (int) – 


	w_min (float) – 


	w_max (float) – 


	ema_type (str) – 


	ema_momentum (float) – 













	
class diffengine.models.editors.PixArtAlpha(tokenizer, scheduler, text_encoder, vae, transformer, model='PixArt-alpha/PixArt-XL-2-1024-MS', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=120, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

PixArt Alpha.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name of stable diffusion.


Defaults to ‘PixArt-alpha/PixArt-XL-2-1024-MS’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer. example. dict(type=”LoRA”, r=4). type is chosen from
LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 120.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	PixArtAlphaDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.PixArtAlphaDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

PixArtAlphaDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.SSD1B(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, teacher_unet, student_unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False, student_weight_from_teacher=False)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

SSD1B.

Refer to official implementation:
https://github.com/segmind/SSD-1B/blob/main/distill_sdxl.py


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
teacher_unet (dict): Config of teacher unet.
student_unet (dict): Config of student unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	vae_model (str, optional): Path to pretrained VAE model with better
	numerical stability. More details:
https://github.com/huggingface/diffusers/pull/4038.
Defaults to None.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings(bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.



	student_weight_from_teacher (bool): Whether or not to initialize
	student model with teacher model. Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	teacher_unet (dict) – 


	student_unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 


	student_weight_from_teacher (bool) – 













	
class diffengine.models.editors.StableDiffusion(tokenizer, scheduler, text_encoder, vae, unet, model='runwayml/stable-diffusion-v1-5', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

Stable Diffusion.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘runwayml/stable-diffusion-v1-5’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.SDDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.StableDiffusionControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, encoder_hidden_states, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	encoder_hidden_states (torch.Tensor) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.SDControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.SDInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.StableDiffusionInpaint(*args, model='runwayml/stable-diffusion-inpainting', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_preprocessor (dict, optional): The pre-process config of
	SDInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.StableDiffusionXL(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

`Stable Diffusion XL.

<https://huggingface.co/papers/2307.01952>`_


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings (bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
encode_prompt(text_one, text_two)

	Encode prompt.


Args:


text_one (torch.Tensor): Token ids from tokenizer one.
text_two (torch.Tensor): Token ids from tokenizer two.






Returns:


tuple[torch.Tensor, torch.Tensor]: Prompt embeddings






	Parameters:

	
	text_one (torch.Tensor) – 


	text_two (torch.Tensor) – 






	Return type:

	tuple[torch.Tensor, torch.Tensor]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.SDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.SDXLControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.StableDiffusionXLControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.StableDiffusionXLDPO(*args, beta_dpo=5000, loss=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL DPO.


Args:


beta_dpo (int): DPO KL Divergence penalty. Defaults to 5000.
loss (dict, optional): The loss config. Defaults to None.
data_preprocessor (dict, optional): The pre-process config of


SDXLDPODataPreprocessor.








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
loss(model_pred, ref_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	ref_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	beta_dpo (int) – 


	loss (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.SDXLDPODataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.StableDiffusionXLInpaint(*args, model='diffusers/stable-diffusion-xl-1.0-inpainting-0.1', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘diffusers/stable-diffusion-xl-1.0-inpainting-0.1’.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.SDXLInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.StableDiffusionXLT2IAdapter(*args, adapter, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, timesteps_generator=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL T2I Adapter.


Args:


adapter (dict): The adapter config.
unet_lora_config (dict, optional): The LoRA config dict for Unet.


example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.





	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='CubicSamplingTimeSteps').



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	adapter (dict) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	timesteps_generator (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.WuerstchenPriorModel(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='warp-ai/wuerstchen', prior_model='warp-ai/wuerstchen-prior', loss=None, prior_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False)

	Bases: mmengine.model.BaseModel

`Wuerstchen Prior.

<https://arxiv.org/abs/2306.00637>`_


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained decoder model name of Wuerstchen.


Defaults to ‘warp-ai/wuerstchen’.





	prior_model (str): pretrained prior model name of Wuerstchen.
	Defaults to ‘warp-ai/wuerstchen-prior’.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='WuerstchenRandomTimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.amused


Submodules



	diffengine.models.editors.amused.amused

	diffengine.models.editors.amused.amused_data_preprocessor







Package Contents


Classes



	AMUSEd

	aMUSEd.



	AMUSEdPreprocessor

	AMUSEdPreprocessor.







	
class diffengine.models.editors.amused.AMUSEd(tokenizer, text_encoder, vae, transformer, model='amused/amused-512', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

aMUSEd.


Args:


tokenizer (dict): Config of tokenizer.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name.


Defaults to “amused/amused-512”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer.
example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=12, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 12.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.amused.AMUSEdPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

AMUSEdPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.amused.amused


Module Contents


Classes



	AMUSEd

	aMUSEd.







	
class diffengine.models.editors.amused.amused.AMUSEd(tokenizer, text_encoder, vae, transformer, model='amused/amused-512', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

aMUSEd.


Args:


tokenizer (dict): Config of tokenizer.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name.


Defaults to “amused/amused-512”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer.
example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=12, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 12.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.amused.amused_data_preprocessor


Module Contents


Classes



	AMUSEdPreprocessor

	AMUSEdPreprocessor.







	
class diffengine.models.editors.amused.amused_data_preprocessor.AMUSEdPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

AMUSEdPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.deepfloyd_if


Submodules



	diffengine.models.editors.deepfloyd_if.deepfloyd_if







Package Contents


Classes



	DeepFloydIF

	DeepFloyd/IF.







	
class diffengine.models.editors.deepfloyd_if.DeepFloydIF(tokenizer, scheduler, text_encoder, unet, model='DeepFloyd/IF-I-XL-v1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=77, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

DeepFloyd/IF.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘DeepFloyd/IF-I-XL-v1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 77.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘pt’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.deepfloyd_if.deepfloyd_if


Module Contents


Classes



	DeepFloydIF

	DeepFloyd/IF.







	
class diffengine.models.editors.deepfloyd_if.deepfloyd_if.DeepFloydIF(tokenizer, scheduler, text_encoder, unet, model='DeepFloyd/IF-I-XL-v1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=77, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

DeepFloyd/IF.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘DeepFloyd/IF-I-XL-v1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 77.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘pt’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.distill_sd


Submodules



	diffengine.models.editors.distill_sd.distill_sd_xl







Package Contents


Classes



	DistillSDXL

	Distill Stable Diffusion XL.







	
class diffengine.models.editors.distill_sd.DistillSDXL(*args, model_type, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Distill Stable Diffusion XL.


Args:



	model_type (str): The type of model to use. Choice from sd_tiny,
	sd_small.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_prepare_student()

	
	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model_type (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.distill_sd.distill_sd_xl


Module Contents


Classes



	DistillSDXL

	Distill Stable Diffusion XL.







	
class diffengine.models.editors.distill_sd.distill_sd_xl.DistillSDXL(*args, model_type, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Distill Stable Diffusion XL.


Args:



	model_type (str): The type of model to use. Choice from sd_tiny,
	sd_small.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_prepare_student()

	
	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model_type (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.esd


Submodules



	diffengine.models.editors.esd.esd_xl

	diffengine.models.editors.esd.esd_xl_data_preprocessor







Package Contents


Classes



	ESDXL

	Stable Diffusion XL Erasing Concepts from Diffusion Models.



	ESDXLDataPreprocessor

	ESDXLDataPreprocessor.







	
class diffengine.models.editors.esd.ESDXL(*args, finetune_text_encoder=False, pre_compute_text_embeddings=True, height=1024, width=1024, negative_guidance=1.0, train_method='full', prediction_type=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Erasing Concepts from Diffusion Models.


Args:


height (int): Image height. Defaults to 1024.
width (int): Image width. Defaults to 1024.
negative_guidance (float): Negative guidance for loss. Defaults to 1.0.
train_method (str): Training method. Choice from full, xattn,


noxattn, selfattn. Defaults to full








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_freeze_unet()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
abstract _preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	finetune_text_encoder (bool) – 


	pre_compute_text_embeddings (bool) – 


	height (int) – 


	width (int) – 


	negative_guidance (float) – 


	train_method (str) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.editors.esd.ESDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

ESDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	Union[dict, list]


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.esd.esd_xl


Module Contents


Classes



	ESDXL

	Stable Diffusion XL Erasing Concepts from Diffusion Models.







	
class diffengine.models.editors.esd.esd_xl.ESDXL(*args, finetune_text_encoder=False, pre_compute_text_embeddings=True, height=1024, width=1024, negative_guidance=1.0, train_method='full', prediction_type=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Erasing Concepts from Diffusion Models.


Args:


height (int): Image height. Defaults to 1024.
width (int): Image width. Defaults to 1024.
negative_guidance (float): Negative guidance for loss. Defaults to 1.0.
train_method (str): Training method. Choice from full, xattn,


noxattn, selfattn. Defaults to full








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_freeze_unet()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
abstract _preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	finetune_text_encoder (bool) – 


	pre_compute_text_embeddings (bool) – 


	height (int) – 


	width (int) – 


	negative_guidance (float) – 


	train_method (str) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.esd.esd_xl_data_preprocessor


Module Contents


Classes



	ESDXLDataPreprocessor

	ESDXLDataPreprocessor.







	
class diffengine.models.editors.esd.esd_xl_data_preprocessor.ESDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

ESDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	Union[dict, list]


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.instruct_pix2pix


Submodules



	diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl







Package Contents


Classes



	StableDiffusionXLInstructPix2Pix

	Stable Diffusion XL Instruct Pix2Pix.







	
class diffengine.models.editors.instruct_pix2pix.StableDiffusionXLInstructPix2Pix(*args, zeros_image_embeddings_prob=0.1, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Instruct Pix2Pix.


Args:



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	zeros_image_embeddings_prob (float) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl


Module Contents


Classes



	StableDiffusionXLInstructPix2Pix

	Stable Diffusion XL Instruct Pix2Pix.







	
class diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl.StableDiffusionXLInstructPix2Pix(*args, zeros_image_embeddings_prob=0.1, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Instruct Pix2Pix.


Args:



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	zeros_image_embeddings_prob (float) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ip_adapter


Submodules



	diffengine.models.editors.ip_adapter.ip_adapter_xl

	diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor

	diffengine.models.editors.ip_adapter.ip_adapter_xl_timm

	diffengine.models.editors.ip_adapter.pipeline







Package Contents


Classes



	IPAdapterXL

	Stable Diffusion XL IP-Adapter.



	IPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.



	IPAdapterXLDataPreprocessor

	IPAdapterXLDataPreprocessor.



	TimmIPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.







	
class diffengine.models.editors.ip_adapter.IPAdapterXL(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL IP-Adapter.


Args:


image_encoder (dict): The image encoder config.
image_projection (dict): The image projection config.
feature_extractor (dict): The feature extractor config.
pretrained_adapter (str, optional): Path to pretrained IP-Adapter.


Defaults to None.





	pretrained_adapter_subfolder (str, optional): Sub folder of pretrained
	IP-Adapter. Defaults to ‘’.



	pretrained_adapter_weights_name (str, optional): Weights name of
	pretrained IP-Adapter. Defaults to ‘’.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.



	hidden_states_idx (int): Index of the hidden states to be used.
	Defaults to -2.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_ip_adapter()

	Set IP-Adapter for model.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 













	
class diffengine.models.editors.ip_adapter.IPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: IPAdapterXL

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict














	
class diffengine.models.editors.ip_adapter.IPAdapterXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

IPAdapterXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.ip_adapter.TimmIPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXLPlus

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (list | None) – 


	mode (str) – 






	Return type:

	dict


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ip_adapter.ip_adapter_xl


Module Contents


Classes



	IPAdapterXL

	Stable Diffusion XL IP-Adapter.



	IPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.







	
class diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXL(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL IP-Adapter.


Args:


image_encoder (dict): The image encoder config.
image_projection (dict): The image projection config.
feature_extractor (dict): The feature extractor config.
pretrained_adapter (str, optional): Path to pretrained IP-Adapter.


Defaults to None.





	pretrained_adapter_subfolder (str, optional): Sub folder of pretrained
	IP-Adapter. Defaults to ‘’.



	pretrained_adapter_weights_name (str, optional): Weights name of
	pretrained IP-Adapter. Defaults to ‘’.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.



	hidden_states_idx (int): Index of the hidden states to be used.
	Defaults to -2.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_ip_adapter()

	Set IP-Adapter for model.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 













	
class diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: IPAdapterXL

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor


Module Contents


Classes



	IPAdapterXLDataPreprocessor

	IPAdapterXLDataPreprocessor.







	
class diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor.IPAdapterXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

IPAdapterXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ip_adapter.ip_adapter_xl_timm


Module Contents


Classes



	TimmIPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.







	
class diffengine.models.editors.ip_adapter.ip_adapter_xl_timm.TimmIPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXLPlus

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (list | None) – 


	mode (str) – 






	Return type:

	dict


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ip_adapter.pipeline


Module Contents


Classes



	StableDiffusionXLPipelineCustomIPAdapter

	Custom IP Adapter for the StableDiffusionXLPipeline class.



	StableDiffusionXLPipelineTimmIPAdapter

	Timm IP Adapter for the StableDiffusionXLPipeline class.







	
class diffengine.models.editors.ip_adapter.pipeline.StableDiffusionXLPipelineCustomIPAdapter(vae, text_encoder, text_encoder_2, tokenizer, tokenizer_2, unet, scheduler, image_encoder=None, feature_extractor=None, force_zeros_for_empty_prompt=True, add_watermarker=None, hidden_states_idx=-2)

	Bases: diffusers.StableDiffusionXLPipeline

Custom IP Adapter for the StableDiffusionXLPipeline class.

The difference between this class and the original
StableDiffusionXLPipeline class is that this class uses the hidden states
from the hidden_states_idx layer of the image encoder to encode the
image.


	Parameters:

	
	*args – Variable length argument list.


	hidden_states_idx (int) – Index of the hidden states to be used.
Defaults to -2.


	**kwargs – Arbitrary keyword arguments.









	
encode_image(image, device, num_images_per_prompt, output_hidden_states=None)

	Encodes the image.


	Parameters:

	
	image – The input image to be encoded.


	device – The device to be used for encoding.


	num_images_per_prompt – The number of images per prompt.


	output_hidden_states – Whether to output hidden states. Defaults to None.






	Returns:

	Encoded hidden states of the image.
uncond_image_enc_hidden_states: Encoded hidden states of the unconditional image.



	Return type:

	image_enc_hidden_states














	
class diffengine.models.editors.ip_adapter.pipeline.StableDiffusionXLPipelineTimmIPAdapter(vae, text_encoder, text_encoder_2, tokenizer, tokenizer_2, unet, scheduler, image_encoder=None, feature_extractor=None, force_zeros_for_empty_prompt=True, add_watermarker=None)

	Bases: diffusers.StableDiffusionXLPipeline

Timm IP Adapter for the StableDiffusionXLPipeline class.

The difference between this class and the original
StableDiffusionXLPipeline class is that this class uses the timm library
for the image encoder.


	Parameters:

	
	*args – Variable length argument list.


	hidden_states_idx (int) – Index of the hidden states to be used.
Defaults to -2.


	**kwargs – Arbitrary keyword arguments.









	
property _execution_device

	Returns the device on which the pipeline’s models will be executed. After calling
[~DiffusionPipeline.enable_sequential_cpu_offload] the execution device can only be inferred from
Accelerate’s module hooks.






	
encode_image(image, device, num_images_per_prompt, output_hidden_states=None)

	Encodes the image.


	Parameters:

	
	image – The input image to be encoded.


	device – The device to be used for encoding.


	num_images_per_prompt – The number of images per prompt.


	output_hidden_states – Whether to output hidden states. Defaults to None.






	Returns:

	Encoded hidden states of the image.
uncond_image_enc_hidden_states: Encoded hidden states of the unconditional image.



	Return type:

	image_enc_hidden_states


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.kandinsky


Submodules



	diffengine.models.editors.kandinsky.kandinskyv22_decoder

	diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor

	diffengine.models.editors.kandinsky.kandinskyv22_prior

	diffengine.models.editors.kandinsky.kandinskyv3







Package Contents


Classes



	KandinskyV3

	KandinskyV3.



	KandinskyV22Decoder

	KandinskyV22 Decoder.



	KandinskyV22DecoderDataPreprocessor

	KandinskyV22DecoderDataPreprocessor.



	KandinskyV22Prior

	KandinskyV22 Prior.







	
class diffengine.models.editors.kandinsky.KandinskyV3(tokenizer, scheduler, text_encoder, vae, unet, model='kandinsky-community/kandinsky-3', loss=None, unet_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=128, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV3.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name.


Defaults to “kandinsky-community/kandinsky-3”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 128.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.kandinsky.KandinskyV22Decoder(scheduler, image_encoder, vae, unet, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, unet_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Decoder.


Args:


scheduler (dict): Config of scheduler.
image_encoder (dict): Config of image encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	scheduler (dict) – 


	image_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.kandinsky.KandinskyV22DecoderDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

KandinskyV22DecoderDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.kandinsky.KandinskyV22Prior(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, prior_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Prior.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.kandinsky.kandinskyv22_decoder


Module Contents


Classes



	KandinskyV22Decoder

	KandinskyV22 Decoder.







	
class diffengine.models.editors.kandinsky.kandinskyv22_decoder.KandinskyV22Decoder(scheduler, image_encoder, vae, unet, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, unet_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Decoder.


Args:


scheduler (dict): Config of scheduler.
image_encoder (dict): Config of image encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	scheduler (dict) – 


	image_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor


Module Contents


Classes



	KandinskyV22DecoderDataPreprocessor

	KandinskyV22DecoderDataPreprocessor.







	
class diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor.KandinskyV22DecoderDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

KandinskyV22DecoderDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.kandinsky.kandinskyv22_prior


Module Contents


Classes



	KandinskyV22Prior

	KandinskyV22 Prior.







	
class diffengine.models.editors.kandinsky.kandinskyv22_prior.KandinskyV22Prior(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, prior_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Prior.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.kandinsky.kandinskyv3


Module Contents


Classes



	KandinskyV3

	KandinskyV3.







	
class diffengine.models.editors.kandinsky.kandinskyv3.KandinskyV3(tokenizer, scheduler, text_encoder, vae, unet, model='kandinsky-community/kandinsky-3', loss=None, unet_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=128, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV3.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name.


Defaults to “kandinsky-community/kandinsky-3”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 128.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.lcm


Submodules



	diffengine.models.editors.lcm.lcm_modules

	diffengine.models.editors.lcm.lcm_xl







Package Contents


Classes



	LatentConsistencyModelsXL

	Stable Diffusion XL Latent Consistency Models.







	
class diffengine.models.editors.lcm.LatentConsistencyModelsXL(*args, timesteps_generator=None, num_ddim_timesteps=50, w_min=3.0, w_max=15.0, ema_type='ExponentialMovingAverage', ema_momentum=0.05, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Latent Consistency Models.


Args:



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='DDIMTimeSteps').





num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.
w_min (float): Minimum guidance scale. Defaults to 3.0.
w_max (float): Maximum guidance scale. Defaults to 15.0.
ema_type (str): The type of EMA.


Defaults to ‘ExponentialMovingAverage’.




ema_momentum (float): The EMA momentum. Defaults to 0.05.





	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, height=None, width=None, num_inference_steps=4, guidance_scale=1.0, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.





guidance_scale (float): The guidance scale. Defaults to 1.0.
output_type (str): The output format of the generate image.


Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.




**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	guidance_scale (float) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
loss(model_pred, gt, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict










	
_predicted_origin(model_output, timesteps, sample)

	Predict the origin of the model output.


Args:


model_output (torch.Tensor): The model output.
timesteps (torch.Tensor): The timesteps.
sample (torch.Tensor): The sample.






	Parameters:

	
	model_output (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	sample (torch.Tensor) – 






	Return type:

	torch.Tensor











	Parameters:

	
	timesteps_generator (dict | None) – 


	num_ddim_timesteps (int) – 


	w_min (float) – 


	w_max (float) – 


	ema_type (str) – 


	ema_momentum (float) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.lcm.lcm_modules


Module Contents


Classes



	DDIMSolver

	DDIM solver.








Functions



	extract_into_tensor(x, timesteps)

	Extract time-dependent values from a tensor.



	scalings_for_boundary_conditions(timestep[, sigma_data])

	Scalings for boundary conditions.







	
diffengine.models.editors.lcm.lcm_modules.extract_into_tensor(x, timesteps)

	Extract time-dependent values from a tensor.


	Parameters:

	
	x (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
diffengine.models.editors.lcm.lcm_modules.scalings_for_boundary_conditions(timestep, sigma_data=0.5)

	Scalings for boundary conditions.

From LCMScheduler.get_scalings_for_boundary_condition_discrete


	Parameters:

	
	timestep (torch.Tensor) – 


	sigma_data (float) – 






	Return type:

	tuple










	
class diffengine.models.editors.lcm.lcm_modules.DDIMSolver(alpha_cumprods, timesteps=1000, ddim_timesteps=50)

	Bases: torch.nn.Module

DDIM solver.


	Parameters:

	
	alpha_cumprods (torch.Tensor) – 


	timesteps (int) – 


	ddim_timesteps (int) – 









	
ddim_step(pred_x0, pred_noise, timestep_index)

	DDIM step.


	Parameters:

	
	pred_x0 (torch.Tensor) – 


	pred_noise (torch.Tensor) – 


	timestep_index (torch.Tensor) – 






	Return type:

	torch.Tensor


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.lcm.lcm_xl


Module Contents


Classes



	LatentConsistencyModelsXL

	Stable Diffusion XL Latent Consistency Models.







	
class diffengine.models.editors.lcm.lcm_xl.LatentConsistencyModelsXL(*args, timesteps_generator=None, num_ddim_timesteps=50, w_min=3.0, w_max=15.0, ema_type='ExponentialMovingAverage', ema_momentum=0.05, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Latent Consistency Models.


Args:



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='DDIMTimeSteps').





num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.
w_min (float): Minimum guidance scale. Defaults to 3.0.
w_max (float): Maximum guidance scale. Defaults to 15.0.
ema_type (str): The type of EMA.


Defaults to ‘ExponentialMovingAverage’.




ema_momentum (float): The EMA momentum. Defaults to 0.05.





	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, height=None, width=None, num_inference_steps=4, guidance_scale=1.0, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.





guidance_scale (float): The guidance scale. Defaults to 1.0.
output_type (str): The output format of the generate image.


Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.




**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	guidance_scale (float) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
loss(model_pred, gt, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict










	
_predicted_origin(model_output, timesteps, sample)

	Predict the origin of the model output.


Args:


model_output (torch.Tensor): The model output.
timesteps (torch.Tensor): The timesteps.
sample (torch.Tensor): The sample.






	Parameters:

	
	model_output (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	sample (torch.Tensor) – 






	Return type:

	torch.Tensor











	Parameters:

	
	timesteps_generator (dict | None) – 


	num_ddim_timesteps (int) – 


	w_min (float) – 


	w_max (float) – 


	ema_type (str) – 


	ema_momentum (float) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.pixart_alpha


Submodules



	diffengine.models.editors.pixart_alpha.pixart_alpha

	diffengine.models.editors.pixart_alpha.pixart_alpha_data_preprocessor







Package Contents


Classes



	PixArtAlpha

	PixArt Alpha.



	PixArtAlphaDataPreprocessor

	PixArtAlphaDataPreprocessor.







	
class diffengine.models.editors.pixart_alpha.PixArtAlpha(tokenizer, scheduler, text_encoder, vae, transformer, model='PixArt-alpha/PixArt-XL-2-1024-MS', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=120, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

PixArt Alpha.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name of stable diffusion.


Defaults to ‘PixArt-alpha/PixArt-XL-2-1024-MS’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer. example. dict(type=”LoRA”, r=4). type is chosen from
LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 120.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	PixArtAlphaDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.editors.pixart_alpha.PixArtAlphaDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

PixArtAlphaDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.pixart_alpha.pixart_alpha


Module Contents


Classes



	PixArtAlpha

	PixArt Alpha.







	
class diffengine.models.editors.pixart_alpha.pixart_alpha.PixArtAlpha(tokenizer, scheduler, text_encoder, vae, transformer, model='PixArt-alpha/PixArt-XL-2-1024-MS', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=120, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

PixArt Alpha.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name of stable diffusion.


Defaults to ‘PixArt-alpha/PixArt-XL-2-1024-MS’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer. example. dict(type=”LoRA”, r=4). type is chosen from
LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 120.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	PixArtAlphaDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.pixart_alpha.pixart_alpha_data_preprocessor


Module Contents


Classes



	PixArtAlphaDataPreprocessor

	PixArtAlphaDataPreprocessor.







	
class diffengine.models.editors.pixart_alpha.pixart_alpha_data_preprocessor.PixArtAlphaDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

PixArtAlphaDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ssd_1b


Submodules



	diffengine.models.editors.ssd_1b.ssd_1b







Package Contents


Classes



	SSD1B

	SSD1B.







	
class diffengine.models.editors.ssd_1b.SSD1B(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, teacher_unet, student_unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False, student_weight_from_teacher=False)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

SSD1B.

Refer to official implementation:
https://github.com/segmind/SSD-1B/blob/main/distill_sdxl.py


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
teacher_unet (dict): Config of teacher unet.
student_unet (dict): Config of student unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	vae_model (str, optional): Path to pretrained VAE model with better
	numerical stability. More details:
https://github.com/huggingface/diffusers/pull/4038.
Defaults to None.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings(bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.



	student_weight_from_teacher (bool): Whether or not to initialize
	student model with teacher model. Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	teacher_unet (dict) – 


	student_unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 


	student_weight_from_teacher (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.ssd_1b.ssd_1b


Module Contents


Classes



	SSD1B

	SSD1B.







	
class diffengine.models.editors.ssd_1b.ssd_1b.SSD1B(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, teacher_unet, student_unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False, student_weight_from_teacher=False)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

SSD1B.

Refer to official implementation:
https://github.com/segmind/SSD-1B/blob/main/distill_sdxl.py


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
teacher_unet (dict): Config of teacher unet.
student_unet (dict): Config of student unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	vae_model (str, optional): Path to pretrained VAE model with better
	numerical stability. More details:
https://github.com/huggingface/diffusers/pull/4038.
Defaults to None.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings(bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.



	student_weight_from_teacher (bool): Whether or not to initialize
	student model with teacher model. Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	teacher_unet (dict) – 


	student_unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 


	student_weight_from_teacher (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion


Submodules



	diffengine.models.editors.stable_diffusion.sd_data_preprocessor

	diffengine.models.editors.stable_diffusion.stable_diffusion







Package Contents


Classes



	SDDataPreprocessor

	SDDataPreprocessor.



	StableDiffusion

	Stable Diffusion.







	
class diffengine.models.editors.stable_diffusion.SDDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion.StableDiffusion(tokenizer, scheduler, text_encoder, vae, unet, model='runwayml/stable-diffusion-v1-5', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

Stable Diffusion.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘runwayml/stable-diffusion-v1-5’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion.sd_data_preprocessor


Module Contents


Classes



	SDDataPreprocessor

	SDDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion.sd_data_preprocessor.SDDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion.stable_diffusion


Module Contents


Classes



	StableDiffusion

	Stable Diffusion.







	
class diffengine.models.editors.stable_diffusion.stable_diffusion.StableDiffusion(tokenizer, scheduler, text_encoder, vae, unet, model='runwayml/stable-diffusion-v1-5', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

Stable Diffusion.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘runwayml/stable-diffusion-v1-5’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_controlnet


Submodules



	diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet







Package Contents


Classes



	SDControlNetDataPreprocessor

	SDControlNetDataPreprocessor.



	StableDiffusionControlNet

	Stable Diffusion ControlNet.







	
class diffengine.models.editors.stable_diffusion_controlnet.SDControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_controlnet.StableDiffusionControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, encoder_hidden_states, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	encoder_hidden_states (torch.Tensor) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor


Module Contents


Classes



	SDControlNetDataPreprocessor

	SDControlNetDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor.SDControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet


Module Contents


Classes



	StableDiffusionControlNet

	Stable Diffusion ControlNet.







	
class diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet.StableDiffusionControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, encoder_hidden_states, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	encoder_hidden_states (torch.Tensor) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_inpaint


Submodules



	diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint







Package Contents


Classes



	SDInpaintDataPreprocessor

	SDInpaintDataPreprocessor.



	StableDiffusionInpaint

	Stable Diffusion Inpaint.







	
class diffengine.models.editors.stable_diffusion_inpaint.SDInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_inpaint.StableDiffusionInpaint(*args, model='runwayml/stable-diffusion-inpainting', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_preprocessor (dict, optional): The pre-process config of
	SDInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor


Module Contents


Classes



	SDInpaintDataPreprocessor

	SDInpaintDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor.SDInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint


Module Contents


Classes



	StableDiffusionInpaint

	Stable Diffusion Inpaint.







	
class diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint.StableDiffusionInpaint(*args, model='runwayml/stable-diffusion-inpainting', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_preprocessor (dict, optional): The pre-process config of
	SDInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl


Submodules



	diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl







Package Contents


Classes



	SDXLDataPreprocessor

	SDXLDataPreprocessor.



	StableDiffusionXL

	`Stable Diffusion XL.







	
class diffengine.models.editors.stable_diffusion_xl.SDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

`Stable Diffusion XL.

<https://huggingface.co/papers/2307.01952>`_


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings (bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
encode_prompt(text_one, text_two)

	Encode prompt.


Args:


text_one (torch.Tensor): Token ids from tokenizer one.
text_two (torch.Tensor): Token ids from tokenizer two.






Returns:


tuple[torch.Tensor, torch.Tensor]: Prompt embeddings






	Parameters:

	
	text_one (torch.Tensor) – 


	text_two (torch.Tensor) – 






	Return type:

	tuple[torch.Tensor, torch.Tensor]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor


Module Contents


Classes



	SDXLDataPreprocessor

	SDXLDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor.SDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl


Module Contents


Classes



	StableDiffusionXL

	`Stable Diffusion XL.







	
class diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

`Stable Diffusion XL.

<https://huggingface.co/papers/2307.01952>`_


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings (bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
encode_prompt(text_one, text_two)

	Encode prompt.


Args:


text_one (torch.Tensor): Token ids from tokenizer one.
text_two (torch.Tensor): Token ids from tokenizer two.






Returns:


tuple[torch.Tensor, torch.Tensor]: Prompt embeddings






	Parameters:

	
	text_one (torch.Tensor) – 


	text_two (torch.Tensor) – 






	Return type:

	tuple[torch.Tensor, torch.Tensor]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_controlnet


Submodules



	diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet







Package Contents


Classes



	SDXLControlNetDataPreprocessor

	SDXLControlNetDataPreprocessor.



	StableDiffusionXLControlNet

	Stable Diffusion XL ControlNet.







	
class diffengine.models.editors.stable_diffusion_xl_controlnet.SDXLControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor


Module Contents


Classes



	SDXLControlNetDataPreprocessor

	SDXLControlNetDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor.SDXLControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet


Module Contents


Classes



	StableDiffusionXLControlNet

	Stable Diffusion XL ControlNet.







	
class diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_dpo


Submodules



	diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo







Package Contents


Classes



	SDXLDPODataPreprocessor

	SDXLDataPreprocessor.



	StableDiffusionXLDPO

	Stable Diffusion XL DPO.







	
class diffengine.models.editors.stable_diffusion_xl_dpo.SDXLDPODataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_xl_dpo.StableDiffusionXLDPO(*args, beta_dpo=5000, loss=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL DPO.


Args:


beta_dpo (int): DPO KL Divergence penalty. Defaults to 5000.
loss (dict, optional): The loss config. Defaults to None.
data_preprocessor (dict, optional): The pre-process config of


SDXLDPODataPreprocessor.








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
loss(model_pred, ref_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	ref_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	beta_dpo (int) – 


	loss (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor


Module Contents


Classes



	SDXLDPODataPreprocessor

	SDXLDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor.SDXLDPODataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo


Module Contents


Classes



	StableDiffusionXLDPO

	Stable Diffusion XL DPO.







	
class diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo.StableDiffusionXLDPO(*args, beta_dpo=5000, loss=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL DPO.


Args:


beta_dpo (int): DPO KL Divergence penalty. Defaults to 5000.
loss (dict, optional): The loss config. Defaults to None.
data_preprocessor (dict, optional): The pre-process config of


SDXLDPODataPreprocessor.








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
loss(model_pred, ref_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	ref_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	beta_dpo (int) – 


	loss (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_inpaint


Submodules



	diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint







Package Contents


Classes



	SDXLInpaintDataPreprocessor

	SDXLInpaintDataPreprocessor.



	StableDiffusionXLInpaint

	Stable Diffusion XL Inpaint.







	
class diffengine.models.editors.stable_diffusion_xl_inpaint.SDXLInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.editors.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint(*args, model='diffusers/stable-diffusion-xl-1.0-inpainting-0.1', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘diffusers/stable-diffusion-xl-1.0-inpainting-0.1’.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor


Module Contents


Classes



	SDXLInpaintDataPreprocessor

	SDXLInpaintDataPreprocessor.







	
class diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor.SDXLInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint


Module Contents


Classes



	StableDiffusionXLInpaint

	Stable Diffusion XL Inpaint.







	
class diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint(*args, model='diffusers/stable-diffusion-xl-1.0-inpainting-0.1', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘diffusers/stable-diffusion-xl-1.0-inpainting-0.1’.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.t2i_adapter


Submodules



	diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter







Package Contents


Classes



	StableDiffusionXLT2IAdapter

	Stable Diffusion XL T2I Adapter.







	
class diffengine.models.editors.t2i_adapter.StableDiffusionXLT2IAdapter(*args, adapter, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, timesteps_generator=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL T2I Adapter.


Args:


adapter (dict): The adapter config.
unet_lora_config (dict, optional): The LoRA config dict for Unet.


example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.





	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='CubicSamplingTimeSteps').



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	adapter (dict) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	timesteps_generator (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter


Module Contents


Classes



	StableDiffusionXLT2IAdapter

	Stable Diffusion XL T2I Adapter.







	
class diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter.StableDiffusionXLT2IAdapter(*args, adapter, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, timesteps_generator=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL T2I Adapter.


Args:


adapter (dict): The adapter config.
unet_lora_config (dict, optional): The LoRA config dict for Unet.


example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.





	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='CubicSamplingTimeSteps').



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	adapter (dict) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	timesteps_generator (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.wuerstchen


Submodules



	diffengine.models.editors.wuerstchen.efficient_net_encoder

	diffengine.models.editors.wuerstchen.wuerstchen_prior







Package Contents


Classes



	WuerstchenPriorModel

	`Wuerstchen Prior.







	
class diffengine.models.editors.wuerstchen.WuerstchenPriorModel(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='warp-ai/wuerstchen', prior_model='warp-ai/wuerstchen-prior', loss=None, prior_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False)

	Bases: mmengine.model.BaseModel

`Wuerstchen Prior.

<https://arxiv.org/abs/2306.00637>`_


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained decoder model name of Wuerstchen.


Defaults to ‘warp-ai/wuerstchen’.





	prior_model (str): pretrained prior model name of Wuerstchen.
	Defaults to ‘warp-ai/wuerstchen-prior’.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='WuerstchenRandomTimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.wuerstchen.efficient_net_encoder


Module Contents


Classes



	EfficientNetEncoder

	EfficientNet encoder for text-to-image generation.







	
class diffengine.models.editors.wuerstchen.efficient_net_encoder.EfficientNetEncoder(c_latent=16, c_cond=1280, effnet='efficientnet_v2_s')

	Bases: diffusers.models.modeling_utils.ModelMixin, diffusers.configuration_utils.ConfigMixin

EfficientNet encoder for text-to-image generation.

Copied from https://github.com/huggingface/diffusers/blob/main/examples/
wuerstchen/text_to_image/modeling_efficient_net_encoder.py


	Parameters:

	
	c_latent (int) – 


	c_cond (int) – 


	effnet (str) – 









	
forward(x)

	Forward pass.


	Parameters:

	x (torch.Tensor) – 



	Return type:

	torch.Tensor


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.editors.wuerstchen.wuerstchen_prior


Module Contents


Classes



	WuerstchenPriorModel

	`Wuerstchen Prior.







	
class diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='warp-ai/wuerstchen', prior_model='warp-ai/wuerstchen-prior', loss=None, prior_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False)

	Bases: mmengine.model.BaseModel

`Wuerstchen Prior.

<https://arxiv.org/abs/2306.00637>`_


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained decoder model name of Wuerstchen.


Defaults to ‘warp-ai/wuerstchen’.





	prior_model (str): pretrained prior model name of Wuerstchen.
	Defaults to ‘warp-ai/wuerstchen-prior’.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='WuerstchenRandomTimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 
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        	(diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor.SDControlNetDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_controlnet.SDControlNetDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet.StableDiffusionControlNet method)


        	(diffengine.models.editors.stable_diffusion_controlnet.StableDiffusionControlNet method)


        	(diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor.SDInpaintDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_inpaint.SDInpaintDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint.StableDiffusionInpaint method)


        	(diffengine.models.editors.stable_diffusion_inpaint.StableDiffusionInpaint method)


        	(diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor.SDXLDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl.SDXLDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor.SDXLControlNetDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.SDXLControlNetDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor.SDXLDPODataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.SDXLDPODataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo.StableDiffusionXLDPO method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.StableDiffusionXLDPO method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor.SDXLInpaintDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.SDXLInpaintDataPreprocessor method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.StableDiffusion method)


        	(diffengine.models.editors.StableDiffusionControlNet method)


        	(diffengine.models.editors.StableDiffusionInpaint method)


        	(diffengine.models.editors.StableDiffusionXL method)


        	(diffengine.models.editors.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.StableDiffusionXLDPO method)


        	(diffengine.models.editors.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.editors.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.t2i_adapter.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.TimmIPAdapterXLPlus method)


        	(diffengine.models.editors.wuerstchen.efficient_net_encoder.EfficientNetEncoder method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.ESDXL method)


        	(diffengine.models.ESDXLDataPreprocessor method)


        	(diffengine.models.HuberLoss method)


        	(diffengine.models.IPAdapterXL method)


        	(diffengine.models.IPAdapterXLDataPreprocessor method)


        	(diffengine.models.IPAdapterXLPlus method)


        	(diffengine.models.KandinskyV22Decoder method)


        	(diffengine.models.KandinskyV22DecoderDataPreprocessor method)


        	(diffengine.models.KandinskyV22Prior method)


        	(diffengine.models.KandinskyV3 method)


        	(diffengine.models.L2Loss method)


        	(diffengine.models.LatentConsistencyModelsXL method)


        	(diffengine.models.LaterTimeSteps method)


        	(diffengine.models.losses.cross_entropy_loss.CrossEntropyLoss method)


        	(diffengine.models.losses.CrossEntropyLoss method)


        	(diffengine.models.losses.debias_estimation_loss.DeBiasEstimationLoss method)


        	(diffengine.models.losses.DeBiasEstimationLoss method)


        	(diffengine.models.losses.hubar_loss.HuberLoss method)


        	(diffengine.models.losses.HuberLoss method)


        	(diffengine.models.losses.l2_loss.L2Loss method)


        	(diffengine.models.losses.L2Loss method)


        	(diffengine.models.losses.snr_l2_loss.SNRL2Loss method)


        	(diffengine.models.losses.SNRL2Loss method)


        	(diffengine.models.OffsetNoise method)


        	(diffengine.models.PixArtAlpha method)


        	(diffengine.models.PixArtAlphaDataPreprocessor method)


        	(diffengine.models.PyramidNoise method)


        	(diffengine.models.RangeTimeSteps method)


        	(diffengine.models.SDControlNetDataPreprocessor method)


        	(diffengine.models.SDDataPreprocessor method)


        	(diffengine.models.SDInpaintDataPreprocessor method)


        	(diffengine.models.SDXLControlNetDataPreprocessor method)


        	(diffengine.models.SDXLDataPreprocessor method)


        	(diffengine.models.SDXLDPODataPreprocessor method)


        	(diffengine.models.SDXLInpaintDataPreprocessor method)


        	(diffengine.models.SNRL2Loss method)


        	(diffengine.models.SSD1B method)


        	(diffengine.models.StableDiffusion method)


        	(diffengine.models.StableDiffusionControlNet method)


        	(diffengine.models.StableDiffusionInpaint method)


        	(diffengine.models.StableDiffusionXL method)


        	(diffengine.models.StableDiffusionXLControlNet method)


        	(diffengine.models.StableDiffusionXLDPO method)


        	(diffengine.models.StableDiffusionXLInpaint method)


        	(diffengine.models.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.TimeSteps method)


        	(diffengine.models.TimmIPAdapterXLPlus method)


        	(diffengine.models.utils.CubicSamplingTimeSteps method)


        	(diffengine.models.utils.DDIMTimeSteps method)


        	(diffengine.models.utils.EarlierTimeSteps method)


        	(diffengine.models.utils.LaterTimeSteps method)


        	(diffengine.models.utils.noise.OffsetNoise method)


        	(diffengine.models.utils.noise.PyramidNoise method)


        	(diffengine.models.utils.noise.WhiteNoise method)


        	(diffengine.models.utils.OffsetNoise method)


        	(diffengine.models.utils.PyramidNoise method)


        	(diffengine.models.utils.RangeTimeSteps method)


        	(diffengine.models.utils.TimeSteps method)


        	(diffengine.models.utils.timesteps.CubicSamplingTimeSteps method)


        	(diffengine.models.utils.timesteps.DDIMTimeSteps method)


        	(diffengine.models.utils.timesteps.EarlierTimeSteps method)


        	(diffengine.models.utils.timesteps.LaterTimeSteps method)


        	(diffengine.models.utils.timesteps.RangeTimeSteps method)


        	(diffengine.models.utils.timesteps.TimeSteps method)


        	(diffengine.models.utils.timesteps.WuerstchenRandomTimeSteps method)


        	(diffengine.models.utils.WhiteNoise method)


        	(diffengine.models.utils.WuerstchenRandomTimeSteps method)


        	(diffengine.models.WhiteNoise method)


        	(diffengine.models.WuerstchenPriorModel method)


        	(diffengine.models.WuerstchenRandomTimeSteps method)


      


  

  	
      	FUNCTIONS (in module diffengine.registry)


  





G


  	
      	generate_class_image() (diffengine.datasets.hf_dreambooth_datasets.HFDreamBoothDataset method)

      
        	(diffengine.datasets.HFDreamBoothDataset method)


      


      	get_irregular_mask() (in module diffengine.datasets.transforms.loading)


      	GetMaskedImage (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


  

  	
      	
    gogh_esd_xl

      
        	module


      


      	
    google_backpack_dreambooth_xl

      
        	module


      


  





H


  	
      	HFControlNetDataset (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_controlnet_datasets)


      


      	HFDataset (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_datasets)


      


      	HFDatasetPreComputeEmbs (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_datasets)


      


      	HFDPODataset (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_dpo_datasets)


      


  

  	
      	HFDreamBoothDataset (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_dreambooth_datasets)


      


      	HFESDDatasetPreComputeEmbs (class in diffengine.datasets)

      
        	(class in diffengine.datasets.hf_esd_datasets)


      


      	HOOKS (in module diffengine.registry)


      	HuberLoss (class in diffengine.models)

      
        	(class in diffengine.models.losses)


        	(class in diffengine.models.losses.hubar_loss)


      


  





I


  	
      	infer() (diffengine.models.AMUSEd method)

      
        	(diffengine.models.DeepFloydIF method)


        	(diffengine.models.editors.AMUSEd method)


        	(diffengine.models.editors.amused.AMUSEd method)


        	(diffengine.models.editors.amused.amused.AMUSEd method)


        	(diffengine.models.editors.deepfloyd_if.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.DeepFloydIF method)


        	(diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.editors.instruct_pix2pix.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXL method)


        	(diffengine.models.editors.ip_adapter.ip_adapter_xl_timm.TimmIPAdapterXLPlus method)


        	(diffengine.models.editors.ip_adapter.IPAdapterXL method)


        	(diffengine.models.editors.ip_adapter.TimmIPAdapterXLPlus method)


        	(diffengine.models.editors.IPAdapterXL method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_decoder.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_prior.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV3 method)


        	(diffengine.models.editors.kandinsky.kandinskyv3.KandinskyV3 method)


        	(diffengine.models.editors.KandinskyV22Decoder method)


        	(diffengine.models.editors.KandinskyV22Prior method)


        	(diffengine.models.editors.KandinskyV3 method)


        	(diffengine.models.editors.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.lcm.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.lcm.lcm_xl.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.pixart_alpha.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.PixArtAlpha method)


        	(diffengine.models.editors.stable_diffusion.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet.StableDiffusionControlNet method)


        	(diffengine.models.editors.stable_diffusion_controlnet.StableDiffusionControlNet method)


        	(diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint.StableDiffusionInpaint method)


        	(diffengine.models.editors.stable_diffusion_inpaint.StableDiffusionInpaint method)


        	(diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.stable_diffusion_xl_controlnet.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.stable_diffusion_xl_inpaint.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.StableDiffusion method)


        	(diffengine.models.editors.StableDiffusionControlNet method)


        	(diffengine.models.editors.StableDiffusionInpaint method)


        	(diffengine.models.editors.StableDiffusionXL method)


        	(diffengine.models.editors.StableDiffusionXLControlNet method)


        	(diffengine.models.editors.StableDiffusionXLInpaint method)


        	(diffengine.models.editors.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.editors.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.t2i_adapter.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.editors.TimmIPAdapterXLPlus method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.IPAdapterXL method)


        	(diffengine.models.KandinskyV22Decoder method)


        	(diffengine.models.KandinskyV22Prior method)


        	(diffengine.models.KandinskyV3 method)


        	(diffengine.models.LatentConsistencyModelsXL method)


        	(diffengine.models.PixArtAlpha method)


        	(diffengine.models.StableDiffusion method)


        	(diffengine.models.StableDiffusionControlNet method)


        	(diffengine.models.StableDiffusionInpaint method)


        	(diffengine.models.StableDiffusionXL method)


        	(diffengine.models.StableDiffusionXLControlNet method)


        	(diffengine.models.StableDiffusionXLInpaint method)


        	(diffengine.models.StableDiffusionXLInstructPix2Pix method)


        	(diffengine.models.StableDiffusionXLT2IAdapter method)


        	(diffengine.models.TimmIPAdapterXLPlus method)


        	(diffengine.models.WuerstchenPriorModel method)


      


  

  	
      	
    instructpix2pix_xl

      
        	module


      


      	IPAdapterSaveHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.ip_adapter_save_hook)


      


      	IPAdapterXL (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.ip_adapter)


        	(class in diffengine.models.editors.ip_adapter.ip_adapter_xl)


      


      	IPAdapterXLDataPreprocessor (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.ip_adapter)


        	(class in diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor)


      


      	IPAdapterXLPlus (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.ip_adapter)


        	(class in diffengine.models.editors.ip_adapter.ip_adapter_xl)


      


  





K


  	
      	
    kandinsky_v22_decoder

      
        	module


      


      	
    kandinsky_v22_decoder_pokemon_blip

      
        	module


      


      	
    kandinsky_v22_prior

      
        	module


      


      	
    kandinsky_v22_prior_pokemon_blip

      
        	module


      


      	
    kandinsky_v3

      
        	module


      


      	
    kandinsky_v3_pokemon_blip

      
        	module


      


      	KandinskyV22Decoder (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.kandinsky)


        	(class in diffengine.models.editors.kandinsky.kandinskyv22_decoder)


      


  

  	
      	KandinskyV22DecoderDataPreprocessor (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.kandinsky)


        	(class in diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor)


      


      	KandinskyV22Prior (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.kandinsky)


        	(class in diffengine.models.editors.kandinsky.kandinskyv22_prior)


      


      	KandinskyV3 (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.kandinsky)


        	(class in diffengine.models.editors.kandinsky.kandinskyv3)


      


      	
    keramer_face_dreambooth

      
        	module


      


      	
    keramer_face_dreambooth_xl

      
        	module


      


  





L


  	
      	L2Loss (class in diffengine.models)

      
        	(class in diffengine.models.losses)


        	(class in diffengine.models.losses.l2_loss)


      


      	LatentConsistencyModelsXL (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.lcm)


        	(class in diffengine.models.editors.lcm.lcm_xl)


      


      	LaterTimeSteps (class in diffengine.models)

      
        	(class in diffengine.models.utils)


        	(class in diffengine.models.utils.timesteps)


      


      	
    lcm_xl

      
        	module


      


      	
    lcm_xl_50e

      
        	module


      


      	
    lcm_xl_lora

      
        	module


      


      	
    lcm_xl_lora_pokemon_blip

      
        	module


      


      	
    lcm_xl_pokemon_blip

      
        	module


      


      	LCMEMAUpdateHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.lcm_ema_update_hook)


      


      	
    list_cfg

      
        	module


      


      	load_from (in module default_runtime)


      	load_ip_adapter() (in module diffengine.models.archs)

      
        	(in module diffengine.models.archs.ip_adapter)


      


      	LoadMask (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.loading)


      


      	log_processor (in module stable_diffusion_1k)

      
        	(in module stable_diffusion_500)


      


      	loss() (diffengine.models.DeepFloydIF method)

      
        	(diffengine.models.editors.deepfloyd_if.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.DeepFloydIF method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_decoder.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_prior.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV3 method)


        	(diffengine.models.editors.kandinsky.kandinskyv3.KandinskyV3 method)


        	(diffengine.models.editors.KandinskyV22Decoder method)


        	(diffengine.models.editors.KandinskyV22Prior method)


        	(diffengine.models.editors.KandinskyV3 method)


        	(diffengine.models.editors.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.lcm.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.lcm.lcm_xl.LatentConsistencyModelsXL method)


        	(diffengine.models.editors.pixart_alpha.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.PixArtAlpha method)


        	(diffengine.models.editors.stable_diffusion.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo.StableDiffusionXLDPO method)


        	(diffengine.models.editors.stable_diffusion_xl_dpo.StableDiffusionXLDPO method)


        	(diffengine.models.editors.StableDiffusion method)


        	(diffengine.models.editors.StableDiffusionXL method)


        	(diffengine.models.editors.StableDiffusionXLDPO method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.KandinskyV22Decoder method)


        	(diffengine.models.KandinskyV22Prior method)


        	(diffengine.models.KandinskyV3 method)


        	(diffengine.models.LatentConsistencyModelsXL method)


        	(diffengine.models.PixArtAlpha method)


        	(diffengine.models.StableDiffusion method)


        	(diffengine.models.StableDiffusionXL method)


        	(diffengine.models.StableDiffusionXLDPO method)


        	(diffengine.models.WuerstchenPriorModel method)


      


  

  	
      	
    low_level_image_process_xl

      
        	module


      


  





M


  	
      	main() (in module bucket_ids)

      
        	(in module copy_cfg)


        	(in module csv_to_txt)


        	(in module list_cfg)


        	(in module publish_model2diffusers)


        	(in module show_vae)


        	(in module train)


      


      	MaskToTensor (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


      	merge_args() (in module train)


      	model (in module amused_512)

      
        	(in module deepfloyd_if_l)


        	(in module deepfloyd_if_xl_lora)


        	(in module distill_ssd_1b)


        	(in module distill_ssd_1b_from_sdxl)


        	(in module kandinsky_v22_decoder)


        	(in module kandinsky_v22_prior)


        	(in module kandinsky_v3)


        	(in module lcm_xl)


        	(in module lcm_xl_lora)


        	(in module pixart_alpha_1024)


        	(in module pixart_alpha_1024_lora)


        	(in module pixart_alpha_512_lora)


        	(in module small_sd_lora)


        	(in module small_sd_xl)


        	(in module ssd_1b_lora)


        	(in module stable_diffusion_inpaint)


        	(in module stable_diffusion_v15)


        	(in module stable_diffusion_v15_controlnet)


        	(in module stable_diffusion_v15_lora)


        	(in module stable_diffusion_v15_lora_textencoder)


        	(in module stable_diffusion_v15_textencoder)


        	(in module stable_diffusion_v21_lora)


        	(in module stable_diffusion_xl)


        	(in module stable_diffusion_xl_controlnet)


        	(in module stable_diffusion_xl_dpo)


        	(in module stable_diffusion_xl_esd)


        	(in module stable_diffusion_xl_inpaint)


        	(in module stable_diffusion_xl_instruct_pix2pix_pretrained)


        	(in module stable_diffusion_xl_ip_adapter)


        	(in module stable_diffusion_xl_ip_adapter_plus)


        	(in module stable_diffusion_xl_ip_adapter_plus_eva02)


        	(in module stable_diffusion_xl_loha)


        	(in module stable_diffusion_xl_lokr)


        	(in module stable_diffusion_xl_lora)


        	(in module stable_diffusion_xl_oft)


        	(in module stable_diffusion_xl_t2i_adapter)


        	(in module tiny_sd_lora)


        	(in module tiny_sd_xl)


        	(in module wuerstchen_prior)


        	(in module wuerstchen_prior_lora)


      


      	MODELS (in module diffengine.registry)


      	MODES (in module diffengine.entry_point)


      	modes (in module diffengine.entry_point)


      	
    module

      
        	amused_512


        	amused_512_pokemon_blip


        	bucket_ids


        	cartoonization_xl


        	cat_waterpainting_dreambooth_pixart_1024


        	cat_waterpainting_dreambooth_xl


        	copy_cfg
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    stable_diffusion_xl_pokemon_blip_xformers

      
        	module


      


      	
    stable_diffusion_xl_t2i_adapter

      
        	module


      


      	
    stable_diffusion_xl_t2i_adapter_fill50k

      
        	module


      


      	StableDiffusion (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion)


        	(class in diffengine.models.editors.stable_diffusion.stable_diffusion)


      


      	StableDiffusionControlNet (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_controlnet)


        	(class in diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet)


      


      	StableDiffusionInpaint (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_inpaint)


        	(class in diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint)


      


      	StableDiffusionXL (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_xl)


        	(class in diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl)


      


      	StableDiffusionXLControlNet (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_xl_controlnet)


        	(class in diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet)


      


      	StableDiffusionXLDPO (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_xl_dpo)


        	(class in diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo)


      


      	StableDiffusionXLInpaint (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.stable_diffusion_xl_inpaint)


        	(class in diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint)


      


      	StableDiffusionXLInstructPix2Pix (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.instruct_pix2pix)


        	(class in diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl)


      


      	StableDiffusionXLPipelineCustomIPAdapter (class in diffengine.models.editors.ip_adapter.pipeline)


      	StableDiffusionXLPipelineTimmIPAdapter (class in diffengine.models.editors.ip_adapter.pipeline)


      	StableDiffusionXLT2IAdapter (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.t2i_adapter)


        	(class in diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter)


      


      	
    starbucks_dreambooth_xl

      
        	module


      


      	strategy (in module kandinsky_v3_pokemon_blip)

      
        	(in module stable_diffusion_xl_pokemon_blip_colossal)


        	(in module stable_diffusion_xl_pokemon_blip_deepspeed_stage2)


        	(in module stable_diffusion_xl_pokemon_blip_deepspeed_stage3)


      


  





T


  	
      	T2IAdapterSaveHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.t2i_adapter_save_hook)


      


      	T5TextPreprocess (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


      	test_cfg (in module lcm_xl_50e)

      
        	(in module stable_diffusion_1e)


        	(in module stable_diffusion_1k)


        	(in module stable_diffusion_3e)


        	(in module stable_diffusion_500)


        	(in module stable_diffusion_50e)


        	(in module stable_diffusion_xl_50e)


      


      	test_dataloader (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


      	test_evaluator (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


      	test_step() (diffengine.models.AMUSEd method)

      
        	(diffengine.models.DeepFloydIF method)


        	(diffengine.models.editors.AMUSEd method)


        	(diffengine.models.editors.amused.AMUSEd method)


        	(diffengine.models.editors.amused.amused.AMUSEd method)


        	(diffengine.models.editors.deepfloyd_if.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.DeepFloydIF method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_decoder.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_prior.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV3 method)


        	(diffengine.models.editors.kandinsky.kandinskyv3.KandinskyV3 method)


        	(diffengine.models.editors.KandinskyV22Decoder method)


        	(diffengine.models.editors.KandinskyV22Prior method)


        	(diffengine.models.editors.KandinskyV3 method)


        	(diffengine.models.editors.pixart_alpha.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.PixArtAlpha method)


        	(diffengine.models.editors.stable_diffusion.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.StableDiffusion method)


        	(diffengine.models.editors.StableDiffusionXL method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.KandinskyV22Decoder method)


        	(diffengine.models.KandinskyV22Prior method)


        	(diffengine.models.KandinskyV3 method)


        	(diffengine.models.PixArtAlpha method)


        	(diffengine.models.StableDiffusion method)


        	(diffengine.models.StableDiffusionXL method)


        	(diffengine.models.WuerstchenPriorModel method)


      


      	TimeSteps (class in diffengine.models)

      
        	(class in diffengine.models.utils)


        	(class in diffengine.models.utils.timesteps)


      


      	TimmImageProcessor (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


      	TimmIPAdapterXLPlus (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.ip_adapter)


        	(class in diffengine.models.editors.ip_adapter.ip_adapter_xl_timm)


      


      	
    tiny_sd_dreambooth_lora_dog

      
        	module


      


      	
    tiny_sd_dreambooth_lora_keramer_face

      
        	module


      


      	
    tiny_sd_lora

      
        	module


      


      	
    tiny_sd_xl

      
        	module


      


      	
    tiny_sd_xl_pokemon_blip

      
        	module


      


      	to_tensor() (in module diffengine.datasets.transforms.formatting)


      	TorchVisonTransformWrapper (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


  

  	
      	
    train

      
        	module


      


      	train() (diffengine.models.editors.esd.esd_xl.ESDXL method)

      
        	(diffengine.models.editors.esd.ESDXL method)


        	(diffengine.models.editors.ESDXL method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.ESDXL method)


        	(diffengine.models.WuerstchenPriorModel method)


      


      	train_cfg (in module lcm_xl_50e)

      
        	(in module stable_diffusion_1e)


        	(in module stable_diffusion_1k)


        	(in module stable_diffusion_3e)


        	(in module stable_diffusion_500)


        	(in module stable_diffusion_50e)


        	(in module stable_diffusion_xl_50e)


      


      	train_dataloader (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


      	train_pipeline (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module stable_diffusion_v21_dreambooth_lora_dog)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


      	Transform (in module diffengine.datasets.transforms.wrappers)


      	transform() (diffengine.datasets.transforms.AddConstantCaption method)

      
        	(diffengine.datasets.transforms.base.BaseTransform method)


        	(diffengine.datasets.transforms.BaseTransform method)


        	(diffengine.datasets.transforms.CenterCrop method)


        	(diffengine.datasets.transforms.CLIPImageProcessor method)


        	(diffengine.datasets.transforms.ComputeaMUSEdMicroConds method)


        	(diffengine.datasets.transforms.ComputePixArtImgInfo method)


        	(diffengine.datasets.transforms.ComputeTimeIds method)


        	(diffengine.datasets.transforms.ConcatMultipleImgs method)


        	(diffengine.datasets.transforms.formatting.PackInputs method)


        	(diffengine.datasets.transforms.GetMaskedImage method)


        	(diffengine.datasets.transforms.loading.LoadMask method)


        	(diffengine.datasets.transforms.LoadMask method)


        	(diffengine.datasets.transforms.MaskToTensor method)


        	(diffengine.datasets.transforms.MultiAspectRatioResizeCenterCrop method)


        	(diffengine.datasets.transforms.PackInputs method)


        	(diffengine.datasets.transforms.processing.AddConstantCaption method)


        	(diffengine.datasets.transforms.processing.CenterCrop method)


        	(diffengine.datasets.transforms.processing.CLIPImageProcessor method)


        	(diffengine.datasets.transforms.processing.ComputeaMUSEdMicroConds method)


        	(diffengine.datasets.transforms.processing.ComputePixArtImgInfo method)


        	(diffengine.datasets.transforms.processing.ComputeTimeIds method)


        	(diffengine.datasets.transforms.processing.ConcatMultipleImgs method)


        	(diffengine.datasets.transforms.processing.GetMaskedImage method)


        	(diffengine.datasets.transforms.processing.MaskToTensor method)


        	(diffengine.datasets.transforms.processing.MultiAspectRatioResizeCenterCrop method)


        	(diffengine.datasets.transforms.processing.RandomCrop method)


        	(diffengine.datasets.transforms.processing.RandomHorizontalFlip method)


        	(diffengine.datasets.transforms.processing.RandomTextDrop method)


        	(diffengine.datasets.transforms.processing.SaveImageShape method)


        	(diffengine.datasets.transforms.processing.T5TextPreprocess method)


        	(diffengine.datasets.transforms.processing.TimmImageProcessor method)


        	(diffengine.datasets.transforms.processing.TransformersImageProcessor method)


        	(diffengine.datasets.transforms.RandomChoice method)


        	(diffengine.datasets.transforms.RandomCrop method)


        	(diffengine.datasets.transforms.RandomHorizontalFlip method)


        	(diffengine.datasets.transforms.RandomTextDrop method)


        	(diffengine.datasets.transforms.SaveImageShape method)


        	(diffengine.datasets.transforms.T5TextPreprocess method)


        	(diffengine.datasets.transforms.TimmImageProcessor method)


        	(diffengine.datasets.transforms.TransformersImageProcessor method)


        	(diffengine.datasets.transforms.wrappers.RandomChoice method)


      


      	TransformerCheckpointHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.transformer_checkpoint_hook)


      


      	TransformersImageProcessor (class in diffengine.datasets.transforms)

      
        	(class in diffengine.datasets.transforms.processing)


      


      	TRANSFORMS (in module diffengine.datasets.transforms)

      
        	(in module diffengine.registry)


      


  





U


  	
      	UnetEMAHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.unet_ema_hook)


      


      	use_snr (diffengine.models.DeBiasEstimationLoss property)

      
        	(diffengine.models.losses.base.BaseLoss property)


        	(diffengine.models.losses.debias_estimation_loss.DeBiasEstimationLoss property)


        	(diffengine.models.losses.DeBiasEstimationLoss property)


        	(diffengine.models.losses.snr_l2_loss.SNRL2Loss property)


        	(diffengine.models.losses.SNRL2Loss property)


        	(diffengine.models.SNRL2Loss property)
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      	val_cfg (in module lcm_xl_50e)

      
        	(in module stable_diffusion_1e)


        	(in module stable_diffusion_1k)


        	(in module stable_diffusion_3e)


        	(in module stable_diffusion_500)


        	(in module stable_diffusion_50e)


        	(in module stable_diffusion_xl_50e)


      


      	val_dataloader (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


      	val_evaluator (in module cartoonization_xl)

      
        	(in module cat_waterpainting_dreambooth_pixart_1024)


        	(in module cat_waterpainting_dreambooth_xl)


        	(in module dog_dreambooth)


        	(in module dog_dreambooth_if)


        	(in module dog_dreambooth_pixart_1024)


        	(in module dog_dreambooth_pixart_512)


        	(in module dog_dreambooth_xl)


        	(in module dog_inpaint)


        	(in module dog_inpaint_multiple_mask)


        	(in module dog_inpaint_xl)


        	(in module face_spiga_controlnet)


        	(in module fill50k_controlnet)


        	(in module fill50k_controlnet_xl)


        	(in module fill50k_t2i_adapter_xl)


        	(in module gogh_esd_xl)


        	(in module google_backpack_dreambooth_xl)


        	(in module instructpix2pix_xl)


        	(in module keramer_face_dreambooth)


        	(in module keramer_face_dreambooth_xl)


        	(in module low_level_image_process_xl)


        	(in module pickascore_xl)


        	(in module pokemon_blip)


        	(in module pokemon_blip_amused_512)


        	(in module pokemon_blip_if)


        	(in module pokemon_blip_kandinsky_decoder)


        	(in module pokemon_blip_kandinsky_prior)


        	(in module pokemon_blip_kandinsky_v3)


        	(in module pokemon_blip_pixart)


        	(in module pokemon_blip_wuerstchen)


        	(in module pokemon_blip_xl)


        	(in module pokemon_blip_xl_ip_adapter)


        	(in module pokemon_blip_xl_ip_adapter_dinov2)


        	(in module pokemon_blip_xl_ip_adapter_dinov2_giant)


        	(in module pokemon_blip_xl_ip_adapter_eva02)


        	(in module pokemon_blip_xl_ip_adapter_siglip_384)


        	(in module pokemon_blip_xl_pre_compute)


        	(in module potatohead_dreambooth_xl)


        	(in module starbucks_dreambooth_xl)


        	(in module waterpainting_xl)


      


  

  	
      	val_step() (diffengine.models.AMUSEd method)

      
        	(diffengine.models.DeepFloydIF method)


        	(diffengine.models.editors.AMUSEd method)


        	(diffengine.models.editors.amused.AMUSEd method)


        	(diffengine.models.editors.amused.amused.AMUSEd method)


        	(diffengine.models.editors.deepfloyd_if.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.deepfloyd_if.DeepFloydIF method)


        	(diffengine.models.editors.DeepFloydIF method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_decoder.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.kandinskyv22_prior.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Decoder method)


        	(diffengine.models.editors.kandinsky.KandinskyV22Prior method)


        	(diffengine.models.editors.kandinsky.KandinskyV3 method)


        	(diffengine.models.editors.kandinsky.kandinskyv3.KandinskyV3 method)


        	(diffengine.models.editors.KandinskyV22Decoder method)


        	(diffengine.models.editors.KandinskyV22Prior method)


        	(diffengine.models.editors.KandinskyV3 method)


        	(diffengine.models.editors.pixart_alpha.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.pixart_alpha.PixArtAlpha method)


        	(diffengine.models.editors.PixArtAlpha method)


        	(diffengine.models.editors.stable_diffusion.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion.StableDiffusion method)


        	(diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL method)


        	(diffengine.models.editors.StableDiffusion method)


        	(diffengine.models.editors.StableDiffusionXL method)


        	(diffengine.models.editors.wuerstchen.wuerstchen_prior.WuerstchenPriorModel method)


        	(diffengine.models.editors.wuerstchen.WuerstchenPriorModel method)


        	(diffengine.models.editors.WuerstchenPriorModel method)


        	(diffengine.models.KandinskyV22Decoder method)


        	(diffengine.models.KandinskyV22Prior method)


        	(diffengine.models.KandinskyV3 method)


        	(diffengine.models.PixArtAlpha method)


        	(diffengine.models.StableDiffusion method)


        	(diffengine.models.StableDiffusionXL method)


        	(diffengine.models.WuerstchenPriorModel method)


      


      	VISION_TRANSFORMS (in module diffengine.datasets.transforms.processing)


      	VisualizationHook (class in diffengine.engine)

      
        	(class in diffengine.engine.hooks)


        	(class in diffengine.engine.hooks.visualization_hook)


      


  





W


  	
      	
    waterpainting_xl

      
        	module


      


      	WhiteNoise (class in diffengine.models)

      
        	(class in diffengine.models.utils)


        	(class in diffengine.models.utils.noise)


      


      	
    wuerstchen_prior

      
        	module


      


      	
    wuerstchen_prior_lora

      
        	module


      


      	
    wuerstchen_prior_lora_pokemon_blip

      
        	module


      


  

  	
      	
    wuerstchen_prior_pokemon_blip

      
        	module


      


      	WuerstchenPriorModel (class in diffengine.models)

      
        	(class in diffengine.models.editors)


        	(class in diffengine.models.editors.wuerstchen)


        	(class in diffengine.models.editors.wuerstchen.wuerstchen_prior)


      


      	WuerstchenRandomTimeSteps (class in diffengine.models)

      
        	(class in diffengine.models.utils)


        	(class in diffengine.models.utils.timesteps)


      


  







            

          

      

      

    

  

    
      
          
            
  
amused_512


Module Contents


	
amused_512.base_model = amused/amused-512

	




	
amused_512.model

	







            

          

      

      

    

  

    
      
          
            
  
amused_512_pokemon_blip


Module Contents


	
amused_512_pokemon_blip.optim_wrapper

	







            

          

      

      

    

  

    
      
          
            
  
bucket_ids


Module Contents


Functions



	parse_args()

	



	main()

	







	
bucket_ids.parse_args()

	




	
bucket_ids.main()

	
	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
cartoonization_xl


Module Contents


	
cartoonization_xl.train_pipeline

	




	
cartoonization_xl.train_dataloader

	




	
cartoonization_xl.val_dataloader

	




	
cartoonization_xl.val_evaluator

	




	
cartoonization_xl.test_dataloader

	




	
cartoonization_xl.test_evaluator

	




	
cartoonization_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
cat_waterpainting_dreambooth_pixart_1024


Module Contents


	
cat_waterpainting_dreambooth_pixart_1024.train_pipeline

	




	
cat_waterpainting_dreambooth_pixart_1024.train_dataloader

	




	
cat_waterpainting_dreambooth_pixart_1024.val_dataloader

	




	
cat_waterpainting_dreambooth_pixart_1024.val_evaluator

	




	
cat_waterpainting_dreambooth_pixart_1024.test_dataloader

	




	
cat_waterpainting_dreambooth_pixart_1024.test_evaluator

	




	
cat_waterpainting_dreambooth_pixart_1024.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
cat_waterpainting_dreambooth_xl


Module Contents


	
cat_waterpainting_dreambooth_xl.train_pipeline

	




	
cat_waterpainting_dreambooth_xl.train_dataloader

	




	
cat_waterpainting_dreambooth_xl.val_dataloader

	




	
cat_waterpainting_dreambooth_xl.val_evaluator

	




	
cat_waterpainting_dreambooth_xl.test_dataloader

	




	
cat_waterpainting_dreambooth_xl.test_evaluator

	




	
cat_waterpainting_dreambooth_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
copy_cfg


Module Contents


Functions



	parse_args()

	



	add_copy_suffix(string)

	



	main()

	Main function.







	
copy_cfg.parse_args()

	




	
copy_cfg.add_copy_suffix(string)

	
	Return type:

	str










	
copy_cfg.main()

	Main function.


	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
csv_to_txt


Module Contents


Functions



	parse_args()

	



	main()

	







	
csv_to_txt.parse_args()

	




	
csv_to_txt.main()

	
	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
deepfloyd_if_l


Module Contents


	
deepfloyd_if_l.base_model = DeepFloyd/IF-L-v1.0

	




	
deepfloyd_if_l.model

	







            

          

      

      

    

  

    
      
          
            
  
deepfloyd_if_l_pokemon_blip


Module Contents


	
deepfloyd_if_l_pokemon_blip.optim_wrapper

	







            

          

      

      

    

  

    
      
          
            
  
deepfloyd_if_xl_dreambooth_lora_dog


Module Contents


	
deepfloyd_if_xl_dreambooth_lora_dog.optim_wrapper

	







            

          

      

      

    

  

    
      
          
            
  
deepfloyd_if_xl_lora


Module Contents


	
deepfloyd_if_xl_lora.base_model = DeepFloyd/IF-I-XL-v1.0

	




	
deepfloyd_if_xl_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
default_runtime


Module Contents


	
default_runtime.default_scope = diffengine

	




	
default_runtime.env_cfg

	




	
default_runtime.load_from

	




	
default_runtime.resume = False

	




	
default_runtime.randomness

	







            

          

      

      

    

  

    
      
          
            
  
diffengine


Subpackages



	diffengine.configs

	diffengine.datasets
	diffengine.datasets.samplers
	diffengine.datasets.samplers.batch_sampler





	diffengine.datasets.transforms
	diffengine.datasets.transforms.base

	diffengine.datasets.transforms.dump_image

	diffengine.datasets.transforms.formatting

	diffengine.datasets.transforms.loading

	diffengine.datasets.transforms.processing

	diffengine.datasets.transforms.wrappers





	diffengine.datasets.hf_controlnet_datasets

	diffengine.datasets.hf_datasets

	diffengine.datasets.hf_dpo_datasets

	diffengine.datasets.hf_dreambooth_datasets

	diffengine.datasets.hf_esd_datasets

	diffengine.datasets.utils





	diffengine.engine
	diffengine.engine.hooks
	diffengine.engine.hooks.compile_hook

	diffengine.engine.hooks.controlnet_save_hook

	diffengine.engine.hooks.fast_norm_hook

	diffengine.engine.hooks.ip_adapter_save_hook

	diffengine.engine.hooks.lcm_ema_update_hook

	diffengine.engine.hooks.peft_save_hook

	diffengine.engine.hooks.prior_save_hook

	diffengine.engine.hooks.sd_checkpoint_hook

	diffengine.engine.hooks.t2i_adapter_save_hook

	diffengine.engine.hooks.transformer_checkpoint_hook

	diffengine.engine.hooks.unet_ema_hook

	diffengine.engine.hooks.visualization_hook





	diffengine.engine.optimizers
	diffengine.engine.optimizers.builder









	diffengine.models
	diffengine.models.archs
	diffengine.models.archs.ip_adapter

	diffengine.models.archs.peft





	diffengine.models.editors
	diffengine.models.editors.amused

	diffengine.models.editors.deepfloyd_if

	diffengine.models.editors.distill_sd

	diffengine.models.editors.esd

	diffengine.models.editors.instruct_pix2pix

	diffengine.models.editors.ip_adapter

	diffengine.models.editors.kandinsky

	diffengine.models.editors.lcm

	diffengine.models.editors.pixart_alpha

	diffengine.models.editors.ssd_1b

	diffengine.models.editors.stable_diffusion

	diffengine.models.editors.stable_diffusion_controlnet

	diffengine.models.editors.stable_diffusion_inpaint

	diffengine.models.editors.stable_diffusion_xl

	diffengine.models.editors.stable_diffusion_xl_controlnet

	diffengine.models.editors.stable_diffusion_xl_dpo

	diffengine.models.editors.stable_diffusion_xl_inpaint

	diffengine.models.editors.t2i_adapter

	diffengine.models.editors.wuerstchen





	diffengine.models.losses
	diffengine.models.losses.base

	diffengine.models.losses.cross_entropy_loss

	diffengine.models.losses.debias_estimation_loss

	diffengine.models.losses.hubar_loss

	diffengine.models.losses.l2_loss

	diffengine.models.losses.snr_l2_loss

	diffengine.models.losses.utils





	diffengine.models.utils
	diffengine.models.utils.noise

	diffengine.models.utils.timesteps















Submodules



	diffengine.entry_point

	diffengine.registry

	diffengine.version







Package Contents


Functions



	cli()

	CLI entry point.








Attributes



	__version__

	







	
diffengine.cli()

	CLI entry point.


	Return type:

	None










	
diffengine.__version__

	








            

          

      

      

    

  

    
      
          
            
  
diffengine.configs


Package Contents


	
diffengine.configs.cfgs_name_path

	







            

          

      

      

    

  

    
      
          
            
  
diffengine.engine


Subpackages



	diffengine.engine.hooks
	diffengine.engine.hooks.compile_hook

	diffengine.engine.hooks.controlnet_save_hook

	diffengine.engine.hooks.fast_norm_hook

	diffengine.engine.hooks.ip_adapter_save_hook

	diffengine.engine.hooks.lcm_ema_update_hook

	diffengine.engine.hooks.peft_save_hook

	diffengine.engine.hooks.prior_save_hook

	diffengine.engine.hooks.sd_checkpoint_hook

	diffengine.engine.hooks.t2i_adapter_save_hook

	diffengine.engine.hooks.transformer_checkpoint_hook

	diffengine.engine.hooks.unet_ema_hook

	diffengine.engine.hooks.visualization_hook





	diffengine.engine.optimizers
	diffengine.engine.optimizers.builder











Package Contents


Classes



	VisualizationHook

	Basic hook that invoke visualizers after train epoch.



	UnetEMAHook

	Unet EMA Hook.



	SDCheckpointHook

	Delete 'vae' from checkpoint for efficient save.



	PeftSaveHook

	Peft Save Hook.



	ControlNetSaveHook

	ControlNet Save Hook.



	IPAdapterSaveHook

	IP Adapter Save Hook.



	T2IAdapterSaveHook

	T2I Adapter Save Hook.



	CompileHook

	Compile Hook.



	FastNormHook

	Fast Normalization Hook.



	PriorSaveHook

	Prior Save Hook.



	LCMEMAUpdateHook

	LCM EMA Update Hook.



	TransformerCheckpointHook

	Delete 'vae' from checkpoint for efficient save.








Attributes



	APEX_OPTIMIZERS

	







	
class diffengine.engine.VisualizationHook(prompt, interval=1, height=None, width=None, *, by_epoch=True, **kwargs)

	Bases: mmengine.hooks.Hook

Basic hook that invoke visualizers after train epoch.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	interval (int): Visualization interval (every k iterations).
	Defaults to 1.





by_epoch (bool): Whether to visualize by epoch. Defaults to True.
height (int, optional, defaults to


self.unet.config.sample_size * self.vae_scale_factor):
The height in pixels of the generated image.





	width (int, optional, defaults to
	self.unet.config.sample_size * self.vae_scale_factor):
The width in pixels of the generated image.









	
priority = NORMAL

	




	
before_train(runner)

	Before train hook.


	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	After train iter hook.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch.
data_batch (DATA_BATCH, optional): The current data batch.
outputs (dict, optional): The outputs of the current batch.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (Optional[dict]) – 






	Return type:

	None










	
after_train_epoch(runner)

	After train epoch hook.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	prompt (list[str]) – 


	interval (int) – 


	height (int | None) – 


	width (int | None) – 


	by_epoch (bool) – 













	
class diffengine.engine.UnetEMAHook(ema_type='ExponentialMovingAverage', strict_load=False, begin_iter=0, begin_epoch=0, **kwargs)

	Bases: mmengine.hooks.ema_hook.EMAHook

Unet EMA Hook.


	Parameters:

	
	ema_type (str) – 


	strict_load (bool) – 


	begin_iter (int) – 


	begin_epoch (int) – 









	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
_swap_ema_state_dict(checkpoint)

	Swap the state dict values of model with ema_model.


	Parameters:

	checkpoint (dict) – 



	Return type:

	None










	
after_load_checkpoint(runner, checkpoint)

	Resume ema parameters from checkpoint.


Args:


runner (Runner): The runner of the testing process.
checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.SDCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.PeftSaveHook

	Bases: mmengine.hooks.Hook

Peft Save Hook.

Save LoRA weights with diffusers format and pick up LoRA weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.ControlNetSaveHook

	Bases: mmengine.hooks.Hook

ControlNet Save Hook.

Save ControlNet weights with diffusers format and pick up ControlNet
weights from checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.IPAdapterSaveHook

	Bases: mmengine.hooks.Hook

IP Adapter Save Hook.

Save IP-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.T2IAdapterSaveHook

	Bases: mmengine.hooks.Hook

T2I Adapter Save Hook.

Save T2I-Adapter weights with diffusers format and pick up weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.CompileHook(backend='inductor', mode=None, *, compile_main=False)

	Bases: mmengine.hooks.Hook

Compile Hook.


Args:



	backend (str): The backend to use for compilation.
	Defaults to “inductor”.





mode (str): The mode to use for compilation. Defaults to None.
compile_main (bool): Whether to compile the main network like unet or


transformer. Defaults to False.








	
priority = VERY_LOW

	




	
before_train(runner)

	Compile the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	backend (str) – 


	mode (str | None) – 


	compile_main (bool) – 













	
class diffengine.engine.FastNormHook(*, fuse_text_encoder_ln=False, fuse_main_ln=True, fuse_gn=False)

	Bases: mmengine.hooks.Hook

Fast Normalization Hook.

Replace the normalization layer with a faster one.


Args:



	fuse_text_encoder_ln (bool): Whether to fuse the text encoder layer
	normalization. Defaults to False.



	fuse_main_ln (bool): Whether to replace the layer normalization
	in main module like unet or transformer. Defaults to True.



	fuse_gn (bool)Whether to replace the group normalization.
	Defaults to False.









	
priority = VERY_LOW

	




	
_replace_ln(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn(module, name, device)

	Replace the layer normalization with a fused one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 


	device (str) – 






	Return type:

	None










	
_replace_gn_forward(module, name)

	Replace the group normalization forward with a faster one.


	Parameters:

	
	module (torch.nn.Module) – 


	name (str) – 






	Return type:

	None










	
before_train(runner)

	Replace the normalization layer with a faster one.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None











	Parameters:

	
	fuse_text_encoder_ln (bool) – 


	fuse_main_ln (bool) – 


	fuse_gn (bool) – 













	
class diffengine.engine.PriorSaveHook

	Bases: mmengine.hooks.Hook

Prior Save Hook.

Save Prior weights with diffusers format and pick up Prior weights from
checkpoint.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
class diffengine.engine.LCMEMAUpdateHook

	Bases: mmengine.hooks.hook.Hook

LCM EMA Update Hook.


	
before_run(runner)

	Create an ema copy of the model.


Args:


runner (Runner): The runner of the training process.






	Parameters:

	runner (mmengine.runner.Runner) – 



	Return type:

	None










	
after_train_iter(runner, batch_idx, data_batch=None, outputs=None)

	Update ema parameter.


Args:


runner (Runner): The runner of the training process.
batch_idx (int): The index of the current batch in the train loop.
data_batch (Sequence[dict], optional): Data from dataloader.


Defaults to None.




outputs (dict, optional): Outputs from model. Defaults to None.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	batch_idx (int) – 


	data_batch (mmengine.hooks.hook.DATA_BATCH) – 


	outputs (dict | None) – 






	Return type:

	None














	
class diffengine.engine.TransformerCheckpointHook

	Bases: mmengine.hooks.Hook

Delete ‘vae’ from checkpoint for efficient save.


	
priority = VERY_LOW

	




	
before_save_checkpoint(runner, checkpoint)

	Before save checkpoint hook.


Args:



	runner (Runner): The runner of the training, validation or testing
	process.





checkpoint (dict): Model’s checkpoint.






	Parameters:

	
	runner (mmengine.runner.Runner) – 


	checkpoint (dict) – 






	Return type:

	None














	
diffengine.engine.APEX_OPTIMIZERS

	








            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.optimizers


Submodules



	diffengine.engine.optimizers.builder







Package Contents


	
diffengine.engine.optimizers.APEX_OPTIMIZERS

	







            

          

      

      

    

  

    
      
          
            
  
diffengine.engine.optimizers.builder


Module Contents


Functions



	register_apex_optimizers()

	Register transformer optimizers.








Attributes



	apex

	



	APEX_OPTIMIZERS

	







	
diffengine.engine.optimizers.builder.apex

	




	
diffengine.engine.optimizers.builder.register_apex_optimizers()

	Register transformer optimizers.


	Return type:

	list










	
diffengine.engine.optimizers.builder.APEX_OPTIMIZERS

	








            

          

      

      

    

  

    
      
          
            
  
diffengine.entry_point


Module Contents


Functions



	cli()

	CLI entry point.








Attributes



	MODES

	



	CLI_HELP_MSG

	



	PREPROCESS_HELP_MSG

	



	special

	



	special

	



	modes

	







	
diffengine.entry_point.MODES = ('list-cfg', 'copy-cfg', 'train', 'convert', 'preprocess')

	




	
diffengine.entry_point.CLI_HELP_MSG

	




	
diffengine.entry_point.PREPROCESS_HELP_MSG

	




	
diffengine.entry_point.special

	




	
diffengine.entry_point.special

	




	
diffengine.entry_point.modes :dict

	




	
diffengine.entry_point.cli()

	CLI entry point.


	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
diffengine.models


Subpackages



	diffengine.models.archs
	diffengine.models.archs.ip_adapter

	diffengine.models.archs.peft





	diffengine.models.editors
	diffengine.models.editors.amused
	diffengine.models.editors.amused.amused

	diffengine.models.editors.amused.amused_data_preprocessor





	diffengine.models.editors.deepfloyd_if
	diffengine.models.editors.deepfloyd_if.deepfloyd_if





	diffengine.models.editors.distill_sd
	diffengine.models.editors.distill_sd.distill_sd_xl





	diffengine.models.editors.esd
	diffengine.models.editors.esd.esd_xl

	diffengine.models.editors.esd.esd_xl_data_preprocessor





	diffengine.models.editors.instruct_pix2pix
	diffengine.models.editors.instruct_pix2pix.instruct_pix2pix_xl





	diffengine.models.editors.ip_adapter
	diffengine.models.editors.ip_adapter.ip_adapter_xl

	diffengine.models.editors.ip_adapter.ip_adapter_xl_data_preprocessor

	diffengine.models.editors.ip_adapter.ip_adapter_xl_timm

	diffengine.models.editors.ip_adapter.pipeline





	diffengine.models.editors.kandinsky
	diffengine.models.editors.kandinsky.kandinskyv22_decoder

	diffengine.models.editors.kandinsky.kandinskyv22_decoder_preprocessor

	diffengine.models.editors.kandinsky.kandinskyv22_prior

	diffengine.models.editors.kandinsky.kandinskyv3





	diffengine.models.editors.lcm
	diffengine.models.editors.lcm.lcm_modules

	diffengine.models.editors.lcm.lcm_xl





	diffengine.models.editors.pixart_alpha
	diffengine.models.editors.pixart_alpha.pixart_alpha

	diffengine.models.editors.pixart_alpha.pixart_alpha_data_preprocessor





	diffengine.models.editors.ssd_1b
	diffengine.models.editors.ssd_1b.ssd_1b





	diffengine.models.editors.stable_diffusion
	diffengine.models.editors.stable_diffusion.sd_data_preprocessor

	diffengine.models.editors.stable_diffusion.stable_diffusion





	diffengine.models.editors.stable_diffusion_controlnet
	diffengine.models.editors.stable_diffusion_controlnet.sd_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_controlnet.stable_diffusion_controlnet





	diffengine.models.editors.stable_diffusion_inpaint
	diffengine.models.editors.stable_diffusion_inpaint.sd_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_inpaint.stable_diffusion_inpaint





	diffengine.models.editors.stable_diffusion_xl
	diffengine.models.editors.stable_diffusion_xl.sdxl_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl.stable_diffusion_xl





	diffengine.models.editors.stable_diffusion_xl_controlnet
	diffengine.models.editors.stable_diffusion_xl_controlnet.sdxl_controlnet_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_controlnet.stable_diffusion_xl_controlnet





	diffengine.models.editors.stable_diffusion_xl_dpo
	diffengine.models.editors.stable_diffusion_xl_dpo.sdxl_dpo_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_dpo.stable_diffusion_xl_dpo





	diffengine.models.editors.stable_diffusion_xl_inpaint
	diffengine.models.editors.stable_diffusion_xl_inpaint.sdxl_inpaint_data_preprocessor

	diffengine.models.editors.stable_diffusion_xl_inpaint.stable_diffusion_xl_inpaint





	diffengine.models.editors.t2i_adapter
	diffengine.models.editors.t2i_adapter.stable_diffusion_xl_t2i_adapter





	diffengine.models.editors.wuerstchen
	diffengine.models.editors.wuerstchen.efficient_net_encoder

	diffengine.models.editors.wuerstchen.wuerstchen_prior









	diffengine.models.losses
	diffengine.models.losses.base

	diffengine.models.losses.cross_entropy_loss

	diffengine.models.losses.debias_estimation_loss

	diffengine.models.losses.hubar_loss

	diffengine.models.losses.l2_loss

	diffengine.models.losses.snr_l2_loss

	diffengine.models.losses.utils





	diffengine.models.utils
	diffengine.models.utils.noise

	diffengine.models.utils.timesteps











Package Contents


Classes



	AMUSEd

	aMUSEd.



	AMUSEdPreprocessor

	AMUSEdPreprocessor.



	DeepFloydIF

	DeepFloyd/IF.



	DistillSDXL

	Distill Stable Diffusion XL.



	ESDXL

	Stable Diffusion XL Erasing Concepts from Diffusion Models.



	ESDXLDataPreprocessor

	ESDXLDataPreprocessor.



	StableDiffusionXLInstructPix2Pix

	Stable Diffusion XL Instruct Pix2Pix.



	IPAdapterXL

	Stable Diffusion XL IP-Adapter.



	IPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.



	IPAdapterXLDataPreprocessor

	IPAdapterXLDataPreprocessor.



	TimmIPAdapterXLPlus

	Stable Diffusion XL IP-Adapter Plus.



	KandinskyV22Prior

	KandinskyV22 Prior.



	KandinskyV22Decoder

	KandinskyV22 Decoder.



	KandinskyV22DecoderDataPreprocessor

	KandinskyV22DecoderDataPreprocessor.



	KandinskyV3

	KandinskyV3.



	LatentConsistencyModelsXL

	Stable Diffusion XL Latent Consistency Models.



	PixArtAlpha

	PixArt Alpha.



	PixArtAlphaDataPreprocessor

	PixArtAlphaDataPreprocessor.



	SSD1B

	SSD1B.



	StableDiffusion

	Stable Diffusion.



	SDDataPreprocessor

	SDDataPreprocessor.



	StableDiffusionControlNet

	Stable Diffusion ControlNet.



	SDControlNetDataPreprocessor

	SDControlNetDataPreprocessor.



	SDInpaintDataPreprocessor

	SDInpaintDataPreprocessor.



	StableDiffusionInpaint

	Stable Diffusion Inpaint.



	StableDiffusionXL

	`Stable Diffusion XL.



	SDXLDataPreprocessor

	SDXLDataPreprocessor.



	SDXLControlNetDataPreprocessor

	SDXLControlNetDataPreprocessor.



	StableDiffusionXLControlNet

	Stable Diffusion XL ControlNet.



	StableDiffusionXLDPO

	Stable Diffusion XL DPO.



	SDXLDPODataPreprocessor

	SDXLDataPreprocessor.



	StableDiffusionXLInpaint

	Stable Diffusion XL Inpaint.



	SDXLInpaintDataPreprocessor

	SDXLInpaintDataPreprocessor.



	StableDiffusionXLT2IAdapter

	Stable Diffusion XL T2I Adapter.



	WuerstchenPriorModel

	`Wuerstchen Prior.



	L2Loss

	L2 loss.



	SNRL2Loss

	SNR weighting gamma L2 loss.



	DeBiasEstimationLoss

	DeBias Estimation loss.



	HuberLoss

	Huber loss.



	CrossEntropyLoss

	CrossEntropy loss.



	WhiteNoise

	White noise module.



	OffsetNoise

	Offset noise module.



	PyramidNoise

	Pyramid noise module.



	TimeSteps

	Time Steps module.



	LaterTimeSteps

	Later biased Time Steps module.



	EarlierTimeSteps

	Earlier biased Time Steps module.



	RangeTimeSteps

	Range biased Time Steps module.



	CubicSamplingTimeSteps

	Cubic Sampling Time Steps module.



	WuerstchenRandomTimeSteps

	Wuerstchen Random Time Steps module.



	DDIMTimeSteps

	DDIM Time Steps module.







	
class diffengine.models.AMUSEd(tokenizer, text_encoder, vae, transformer, model='amused/amused-512', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

aMUSEd.


Args:


tokenizer (dict): Config of tokenizer.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name.


Defaults to “amused/amused-512”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer.
example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=12, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 12.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.AMUSEdPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

AMUSEdPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.DeepFloydIF(tokenizer, scheduler, text_encoder, unet, model='DeepFloyd/IF-I-XL-v1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=77, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

DeepFloyd/IF.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘DeepFloyd/IF-I-XL-v1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 77.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘pt’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.DistillSDXL(*args, model_type, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Distill Stable Diffusion XL.


Args:



	model_type (str): The type of model to use. Choice from sd_tiny,
	sd_small.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_prepare_student()

	
	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model_type (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 













	
class diffengine.models.ESDXL(*args, finetune_text_encoder=False, pre_compute_text_embeddings=True, height=1024, width=1024, negative_guidance=1.0, train_method='full', prediction_type=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Erasing Concepts from Diffusion Models.


Args:


height (int): Image height. Defaults to 1024.
width (int): Image width. Defaults to 1024.
negative_guidance (float): Negative guidance for loss. Defaults to 1.0.
train_method (str): Training method. Choice from full, xattn,


noxattn, selfattn. Defaults to full








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_freeze_unet()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
abstract _preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	finetune_text_encoder (bool) – 


	pre_compute_text_embeddings (bool) – 


	height (int) – 


	width (int) – 


	negative_guidance (float) – 


	train_method (str) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.ESDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

ESDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	Union[dict, list]














	
class diffengine.models.StableDiffusionXLInstructPix2Pix(*args, zeros_image_embeddings_prob=0.1, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Instruct Pix2Pix.


Args:



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	zeros_image_embeddings_prob (float) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.IPAdapterXL(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL IP-Adapter.


Args:


image_encoder (dict): The image encoder config.
image_projection (dict): The image projection config.
feature_extractor (dict): The feature extractor config.
pretrained_adapter (str, optional): Path to pretrained IP-Adapter.


Defaults to None.





	pretrained_adapter_subfolder (str, optional): Sub folder of pretrained
	IP-Adapter. Defaults to ‘’.



	pretrained_adapter_weights_name (str, optional): Weights name of
	pretrained IP-Adapter. Defaults to ‘’.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	zeros_image_embeddings_prob (float): The probabilities to
	generate zeros image embeddings. Defaults to 0.1.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.



	hidden_states_idx (int): Index of the hidden states to be used.
	Defaults to -2.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_ip_adapter()

	Set IP-Adapter for model.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 













	
class diffengine.models.IPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: IPAdapterXL

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict














	
class diffengine.models.IPAdapterXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

IPAdapterXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.TimmIPAdapterXLPlus(*args, image_encoder, image_projection, feature_extractor, pretrained_adapter=None, pretrained_adapter_subfolder='', pretrained_adapter_weights_name='', unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, zeros_image_embeddings_prob=0.1, data_preprocessor=None, hidden_states_idx=-2, **kwargs)

	Bases: diffengine.models.editors.ip_adapter.ip_adapter_xl.IPAdapterXLPlus

Stable Diffusion XL IP-Adapter Plus.


	Parameters:

	
	image_encoder (dict) – 


	image_projection (dict) – 


	feature_extractor (dict) – 


	pretrained_adapter (str | None) – 


	pretrained_adapter_subfolder (str) – 


	pretrained_adapter_weights_name (str) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	zeros_image_embeddings_prob (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	hidden_states_idx (int) – 









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, example_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	example_image (List[Union[str, Image.Image]]):
	The image prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	example_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (list | None) – 


	mode (str) – 






	Return type:

	dict














	
class diffengine.models.KandinskyV22Prior(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, prior_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Prior.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.KandinskyV22Decoder(scheduler, image_encoder, vae, unet, decoder_model='kandinsky-community/kandinsky-2-2-decoder', prior_model='kandinsky-community/kandinsky-2-2-prior', loss=None, unet_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV22 Decoder.


Args:


scheduler (dict): Config of scheduler.
image_encoder (dict): Config of image encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
decoder_model (str): pretrained model name of decoder.


Defaults to “kandinsky-community/kandinsky-2-2-decoder”.





	prior_model (str): pretrained model name of prior.
	Defaults to “kandinsky-community/kandinsky-2-2-prior”.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	scheduler (dict) – 


	image_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.KandinskyV22DecoderDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

KandinskyV22DecoderDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.KandinskyV3(tokenizer, scheduler, text_encoder, vae, unet, model='kandinsky-community/kandinsky-3', loss=None, unet_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=128, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

KandinskyV3.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name.


Defaults to “kandinsky-community/kandinsky-3”.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 128.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
gradient_checkpointing (bool): Whether or not to use gradient


checkpointing to save memory at the expense of slower backward
pass. Defaults to False.





	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.LatentConsistencyModelsXL(*args, timesteps_generator=None, num_ddim_timesteps=50, w_min=3.0, w_max=15.0, ema_type='ExponentialMovingAverage', ema_momentum=0.05, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Latent Consistency Models.


Args:



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='DDIMTimeSteps').





num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.
w_min (float): Minimum guidance scale. Defaults to 3.0.
w_max (float): Maximum guidance scale. Defaults to 15.0.
ema_type (str): The type of EMA.


Defaults to ‘ExponentialMovingAverage’.




ema_momentum (float): The EMA momentum. Defaults to 0.05.





	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, height=None, width=None, num_inference_steps=4, guidance_scale=1.0, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.





guidance_scale (float): The guidance scale. Defaults to 1.0.
output_type (str): The output format of the generate image.


Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.




**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	guidance_scale (float) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
loss(model_pred, gt, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict










	
_predicted_origin(model_output, timesteps, sample)

	Predict the origin of the model output.


Args:


model_output (torch.Tensor): The model output.
timesteps (torch.Tensor): The timesteps.
sample (torch.Tensor): The sample.






	Parameters:

	
	model_output (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	sample (torch.Tensor) – 






	Return type:

	torch.Tensor











	Parameters:

	
	timesteps_generator (dict | None) – 


	num_ddim_timesteps (int) – 


	w_min (float) – 


	w_max (float) – 


	ema_type (str) – 


	ema_momentum (float) – 













	
class diffengine.models.PixArtAlpha(tokenizer, scheduler, text_encoder, vae, transformer, model='PixArt-alpha/PixArt-XL-2-1024-MS', loss=None, transformer_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, tokenizer_max_length=120, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

PixArt Alpha.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
transformer (dict): Config of transformer.
model (str): pretrained model name of stable diffusion.


Defaults to ‘PixArt-alpha/PixArt-XL-2-1024-MS’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	transformer_lora_config (dict, optional): The LoRA config dict for
	Transformer. example. dict(type=”LoRA”, r=4). type is chosen from
LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	tokenizer_max_length (int): The max length of tokenizer.
	Defaults to 120.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	PixArtAlphaDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	transformer (dict) – 


	model (str) – 


	loss (dict | None) – 


	transformer_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	tokenizer_max_length (int) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.PixArtAlphaDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

PixArtAlphaDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.SSD1B(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, teacher_unet, student_unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False, student_weight_from_teacher=False)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

SSD1B.

Refer to official implementation:
https://github.com/segmind/SSD-1B/blob/main/distill_sdxl.py


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
teacher_unet (dict): Config of teacher unet.
student_unet (dict): Config of student unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	vae_model (str, optional): Path to pretrained VAE model with better
	numerical stability. More details:
https://github.com/huggingface/diffusers/pull/4038.
Defaults to None.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings(bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.



	student_weight_from_teacher (bool): Whether or not to initialize
	student model with teacher model. Defaults to False.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
_cast_hook()

	
	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	teacher_unet (dict) – 


	student_unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 


	student_weight_from_teacher (bool) – 













	
class diffengine.models.StableDiffusion(tokenizer, scheduler, text_encoder, vae, unet, model='runwayml/stable-diffusion-v1-5', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

Stable Diffusion.


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion.


Defaults to ‘runwayml/stable-diffusion-v1-5’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler will be used. Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.SDDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.StableDiffusionControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, encoder_hidden_states, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	encoder_hidden_states (torch.Tensor) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.SDControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.SDInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.StableDiffusionInpaint(*args, model='runwayml/stable-diffusion-inpainting', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion.StableDiffusion

Stable Diffusion Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘runwayml/stable-diffusion-v1-5’.



	data_preprocessor (dict, optional): The pre-process config of
	SDInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.StableDiffusionXL(tokenizer_one, tokenizer_two, scheduler, text_encoder_one, text_encoder_two, vae, unet, model='stabilityai/stable-diffusion-xl-base-1.0', loss=None, unet_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, prediction_type=None, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, vae_batch_size=8, *, finetune_text_encoder=False, gradient_checkpointing=False, pre_compute_text_embeddings=False, enable_xformers=False)

	Bases: mmengine.model.BaseModel

`Stable Diffusion XL.

<https://huggingface.co/papers/2307.01952>`_


Args:


tokenizer_one (dict): Config of tokenizer one.
tokenizer_two (dict): Config of tokenizer two.
scheduler (dict): Config of scheduler.
text_encoder_one (dict): Config of text encoder one.
text_encoder_two (dict): Config of text encoder two.
vae (dict): Config of vae.
unet (dict): Config of unet.
model (str): pretrained model name of stable diffusion xl.


Defaults to ‘stabilityai/stable-diffusion-xl-base-1.0’.





	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	prediction_type (str): The prediction_type that shall be used for
	training. Choose between ‘epsilon’ or ‘v_prediction’ or leave
None. If left to None the default prediction type of the
scheduler: noise_scheduler.config.prediciton_type is chosen.
Defaults to None.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='TimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.





vae_batch_size (int): The batch size of vae. Defaults to 8.
finetune_text_encoder (bool, optional): Whether to fine-tune text


encoder. Defaults to False.





	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.



	pre_compute_text_embeddings (bool): Whether or not to pre-compute text
	embeddings to save memory. Defaults to False.



	enable_xformers (bool): Whether or not to enable memory efficient
	attention. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
encode_prompt(text_one, text_two)

	Encode prompt.


Args:


text_one (torch.Tensor): Token ids from tokenizer one.
text_two (torch.Tensor): Token ids from tokenizer two.






Returns:


tuple[torch.Tensor, torch.Tensor]: Prompt embeddings






	Parameters:

	
	text_one (torch.Tensor) – 


	text_two (torch.Tensor) – 






	Return type:

	tuple[torch.Tensor, torch.Tensor]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
_forward_vae(img, num_batches)

	Forward vae.


	Parameters:

	
	img (torch.Tensor) – 


	num_batches (int) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer_one (dict) – 


	tokenizer_two (dict) – 


	scheduler (dict) – 


	text_encoder_one (dict) – 


	text_encoder_two (dict) – 


	vae (dict) – 


	unet (dict) – 


	model (str) – 


	loss (dict | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	prediction_type (str | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	vae_batch_size (int) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 


	pre_compute_text_embeddings (bool) – 


	enable_xformers (bool) – 













	
class diffengine.models.SDXLDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.SDXLControlNetDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLControlNetDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.StableDiffusionXLControlNet(*args, controlnet_model=None, transformer_layers_per_block=None, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL ControlNet.


Args:



	controlnet_model (str, optional): Path to pretrained ControlNet model.
	If None, use the default ControlNet model from Unet.
Defaults to None.



	transformer_layers_per_block (List[int], optional):
	The number of layers per block in the transformer. More details:
https://huggingface.co/diffusers/controlnet-canny-sdxl-1.0-small.
Defaults to None.



	unet_lora_config (dict, optional): The LoRA config dict for Unet.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	controlnet_model (str | None) – 


	transformer_layers_per_block (list[int] | None) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.StableDiffusionXLDPO(*args, beta_dpo=5000, loss=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL DPO.


Args:


beta_dpo (int): DPO KL Divergence penalty. Defaults to 5000.
loss (dict, optional): The loss config. Defaults to None.
data_preprocessor (dict, optional): The pre-process config of


SDXLDPODataPreprocessor.








	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
loss(model_pred, ref_pred, noise, latents, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	ref_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	beta_dpo (int) – 


	loss (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.SDXLDPODataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.StableDiffusionXLInpaint(*args, model='diffusers/stable-diffusion-xl-1.0-inpainting-0.1', data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL Inpaint.


Args:



	model (str): pretrained model name of stable diffusion.
	Defaults to ‘diffusers/stable-diffusion-xl-1.0-inpainting-0.1’.



	data_preprocessor (dict, optional): The pre-process config of
	SDXLInpaintDataPreprocessor.









	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
infer(prompt, image, mask, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	image (List[Union[str, Image.Image]]):
	The image for inpainting.



	mask (List[Union[str, Image.Image]]):
	The mask for inpainting.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	image (list[str | PIL.Image.Image]) – 


	mask (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	model (str) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.SDXLInpaintDataPreprocessor(non_blocking=False)

	Bases: mmengine.model.base_model.data_preprocessor.BaseDataPreprocessor

SDXLInpaintDataPreprocessor.


	Parameters:

	non_blocking (Optional[bool]) – 






	
forward(data, training=False)

	Preprocesses the data into the model input format.

After the data pre-processing of cast_data(), forward
will stack the input tensor list to a batch tensor at the first
dimension.


Args:


data (dict): Data returned by dataloader
training (bool): Whether to enable training time augmentation.






Returns:


dict or list: Data in the same format as the model input.






	Parameters:

	
	data (dict) – 


	training (bool) – 






	Return type:

	dict | list














	
class diffengine.models.StableDiffusionXLT2IAdapter(*args, adapter, unet_lora_config=None, text_encoder_lora_config=None, finetune_text_encoder=False, timesteps_generator=None, data_preprocessor=None, **kwargs)

	Bases: diffengine.models.editors.stable_diffusion_xl.StableDiffusionXL

Stable Diffusion XL T2I Adapter.


Args:


adapter (dict): The adapter config.
unet_lora_config (dict, optional): The LoRA config dict for Unet.


example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.





	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. This should be False when training ControlNet.
Defaults to False.



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='CubicSamplingTimeSteps').



	data_preprocessor (dict, optional): The pre-process config of
	SDControlNetDataPreprocessor.









	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
set_xformers()

	Set xformers for model.


	Return type:

	None










	
infer(prompt, condition_image, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	condition_image (List[Union[str, Image.Image]]):
	The condition image for ControlNet.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	condition_image (list[str | PIL.Image.Image]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
_forward_compile(noisy_latents, timesteps, prompt_embeds, unet_added_conditions, inputs)

	Forward function for torch.compile.


	Parameters:

	
	noisy_latents (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	prompt_embeds (torch.Tensor) – 


	unet_added_conditions (dict) – 


	inputs (dict) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	adapter (dict) – 


	unet_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	finetune_text_encoder (bool) – 


	timesteps_generator (dict | None) – 


	data_preprocessor (dict | torch.nn.Module | None) – 













	
class diffengine.models.WuerstchenPriorModel(tokenizer, scheduler, text_encoder, image_encoder, prior, decoder_model='warp-ai/wuerstchen', prior_model='warp-ai/wuerstchen-prior', loss=None, prior_lora_config=None, text_encoder_lora_config=None, prior_loss_weight=1.0, data_preprocessor=None, noise_generator=None, timesteps_generator=None, input_perturbation_gamma=0.0, *, finetune_text_encoder=False, gradient_checkpointing=False)

	Bases: mmengine.model.BaseModel

`Wuerstchen Prior.

<https://arxiv.org/abs/2306.00637>`_


Args:


tokenizer (dict): Config of tokenizer.
scheduler (dict): Config of scheduler.
text_encoder (dict): Config of text encoder.
image_encoder (dict): Config of image encoder.
prior (dict): Config of prior.
decoder_model (str): pretrained decoder model name of Wuerstchen.


Defaults to ‘warp-ai/wuerstchen’.





	prior_model (str): pretrained prior model name of Wuerstchen.
	Defaults to ‘warp-ai/wuerstchen-prior’.



	loss (dict): Config of loss. Defaults to
	dict(type='L2Loss', loss_weight=1.0).



	prior_lora_config (dict, optional): The LoRA config dict for Prior.
	example. dict(type=”LoRA”, r=4). type is chosen from LoRA,
LoHa, LoKr. Other config are same as the config of PEFT.
https://github.com/huggingface/peft
Defaults to None.



	text_encoder_lora_config (dict, optional): The LoRA config dict for
	Text Encoder. example. dict(type=”LoRA”, r=4). type is chosen
from LoRA, LoHa, LoKr. Other config are same as the config of
PEFT. https://github.com/huggingface/peft
Defaults to None.



	prior_loss_weight (float): The weight of prior preservation loss.
	It works when training dreambooth with class images.



	data_preprocessor (dict, optional): The pre-process config of
	SDDataPreprocessor.



	noise_generator (dict, optional): The noise generator config.
	Defaults to dict(type='WhiteNoise').



	timesteps_generator (dict, optional): The timesteps generator config.
	Defaults to dict(type='WuerstchenRandomTimeSteps').



	input_perturbation_gamma (float): The gamma of input perturbation.
	The recommended value is 0.1 for Input Perturbation.
Defaults to 0.0.



	finetune_text_encoder (bool, optional): Whether to fine-tune text
	encoder. Defaults to False.



	gradient_checkpointing (bool): Whether or not to use gradient
	checkpointing to save memory at the expense of slower backward
pass. Defaults to False.









	
property device: torch.device

	Get device information.


	Returns:

	torch.device



	Return type:

	device.










	
set_lora()

	Set LORA for model.


	Return type:

	None










	
prepare_model()

	Prepare model for training.

Disable gradient for some models.


	Return type:

	None










	
train(*, mode=True)

	Convert the model into training mode.


	Parameters:

	mode (bool) – 



	Return type:

	None










	
infer(prompt, negative_prompt=None, height=None, width=None, num_inference_steps=50, output_type='pil', **kwargs)

	Inference function.


Args:



	prompt (List[str]):
	The prompt or prompts to guide the image generation.



	negative_prompt (Optional[str]):
	The prompt or prompts to guide the image generation.
Defaults to None.



	height (int, optional):
	The height in pixels of the generated image. Defaults to None.



	width (int, optional):
	The width in pixels of the generated image. Defaults to None.



	num_inference_steps (int): Number of inference steps.
	Defaults to 50.



	output_type (str): The output format of the generate image.
	Choose between ‘pil’ and ‘latent’. Defaults to ‘pil’.





**kwargs: Other arguments.






	Parameters:

	
	prompt (list[str]) – 


	negative_prompt (str | None) – 


	height (int | None) – 


	width (int | None) – 


	num_inference_steps (int) – 


	output_type (str) – 






	Return type:

	list[numpy.ndarray]










	
val_step(data)

	Val step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
test_step(data)

	Test step.


	Parameters:

	data (Union[tuple, dict, list]) – 



	Return type:

	list










	
loss(model_pred, noise, timesteps, weight=None)

	Calculate loss.


	Parameters:

	
	model_pred (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	dict[str, torch.Tensor]










	
_preprocess_model_input(latents, noise, timesteps)

	Preprocess model input.


	Parameters:

	
	latents (torch.Tensor) – 


	noise (torch.Tensor) – 


	timesteps (torch.Tensor) – 






	Return type:

	torch.Tensor










	
forward(inputs, data_samples=None, mode='loss')

	Forward function.


Args:


inputs (dict): The input dict.
data_samples (Optional[list], optional): The data samples.


Defaults to None.




mode (str, optional): The mode. Defaults to “loss”.






Returns:


dict: The loss dict.






	Parameters:

	
	inputs (dict) – 


	data_samples (Optional[list]) – 


	mode (str) – 






	Return type:

	dict











	Parameters:

	
	tokenizer (dict) – 


	scheduler (dict) – 


	text_encoder (dict) – 


	image_encoder (dict) – 


	prior (dict) – 


	decoder_model (str) – 


	prior_model (str) – 


	loss (dict | None) – 


	prior_lora_config (dict | None) – 


	text_encoder_lora_config (dict | None) – 


	prior_loss_weight (float) – 


	data_preprocessor (dict | torch.nn.Module | None) – 


	noise_generator (dict | None) – 


	timesteps_generator (dict | None) – 


	input_perturbation_gamma (float) – 


	finetune_text_encoder (bool) – 


	gradient_checkpointing (bool) – 













	
class diffengine.models.L2Loss(loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

L2 loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.SNRL2Loss(loss_weight=1.0, snr_gamma=5.0, reduction='mean', loss_name='snrl2')

	Bases: diffengine.models.losses.base.BaseLoss

SNR weighting gamma L2 loss.

https://arxiv.org/abs/2303.09556


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	snr_gamma (float): SNR weighting gamma to be used if re balancing the
	loss.  “More details here: https://arxiv.org/abs/2303.09556.”
Defaults to 5..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	snr_gamma (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.DeBiasEstimationLoss(loss_weight=1.0, reduction='mean', loss_name='debias_estimation')

	Bases: diffengine.models.losses.base.BaseLoss

DeBias Estimation loss.

https://arxiv.org/abs/2310.08442


Args:



	loss_weight (float): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
property use_snr: bool

	Whether or not this loss uses SNR.


	Return type:

	bool










	
forward(pred, gt, timesteps, alphas_cumprod, prediction_type, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
timesteps (torch.Tensor): The timestep tensor.
alphas_cumprod (torch.Tensor): The alphas_cumprod from the


scheduler.




prediction_type (str): The prediction type from scheduler.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	timesteps (torch.Tensor) – 


	alphas_cumprod (torch.Tensor) – 


	prediction_type (str) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.HuberLoss(delta=1.0, loss_weight=1.0, reduction='mean', loss_name='l2')

	Bases: diffengine.models.losses.base.BaseLoss

Huber loss.


Args:



	delta (float, optional): Specifies the threshold at which to change
	between delta-scaled L1 and L2 loss. The value must be positive.
Default: 1.0



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	delta (float) – 


	loss_weight (float) – 


	reduction (str) – 


	loss_name (str) – 













	
class diffengine.models.CrossEntropyLoss(loss_weight=1.0, reduction='mean', ignore_index=-100, loss_name='cross_entropy')

	Bases: diffengine.models.losses.base.BaseLoss

CrossEntropy loss.


Args:



	loss_weight (float, optional): Weight of this loss item.
	Defaults to 1..



	reduction: (str): The reduction method for the loss.
	Defaults to ‘mean’.



	ignore_index (int): Specifies a target value that is ignored.
	Defaults to -100.



	loss_name (str, optional): Name of the loss item. If you want this loss
	item to be included into the backward graph, loss_ must be the
prefix of the name. Defaults to ‘l2’.









	
forward(pred, gt, weight=None)

	Forward function.


Args:


pred (torch.Tensor): The predicted tensor.
gt (torch.Tensor): The ground truth tensor.
weight (torch.Tensor | None, optional): The loss weight.


Defaults to None.









Returns:


torch.Tensor: loss






	Parameters:

	
	pred (torch.Tensor) – 


	gt (torch.Tensor) – 


	weight (torch.Tensor | None) – 






	Return type:

	torch.Tensor











	Parameters:

	
	loss_weight (float) – 


	reduction (str) – 


	ignore_index (int) – 


	loss_name (str) – 













	
class diffengine.models.WhiteNoise(*args, **kwargs)

	Bases: torch.nn.Module

White noise module.


	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor














	
class diffengine.models.OffsetNoise(offset_weight=0.05)

	Bases: torch.nn.Module

Offset noise module.

https://www.crosslabs.org/blog/diffusion-with-offset-noise


Args:


offset_weight (float): Noise offset weight. Defaults to 0.05.





	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	offset_weight (float) – 










	
class diffengine.models.PyramidNoise(discount=0.9, *, random_multiplier=True)

	Bases: torch.nn.Module

Pyramid noise module.

https://wandb.ai/johnowhitaker/multires_noise/reports/
Multi-Resolution-Noise-for-Diffusion-Model-Training–VmlldzozNjYyOTU2


Args:


discount (float): Noise offset weight. Defaults to 0.9.
random_multiplier (bool): Whether to use random multiplier.


Defaults to True.








	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	
	discount (float) – 


	random_multiplier (bool) – 













	
class diffengine.models.TimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Time Steps module.


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.LaterTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Later biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of later time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.EarlierTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Earlier biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of earlier time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.RangeTimeSteps(bias_multiplier=5.0, bias_begin=0.25, bias_end=0.75)

	Bases: torch.nn.Module

Range biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_begin (float): Portion of begin time steps to bias.


Defaults to 0.25.





	bias_end (float): Portion of end time steps to bias.
	Defaults to 0.75.









	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_begin (float) – 


	bias_end (float) – 













	
class diffengine.models.CubicSamplingTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Cubic Sampling Time Steps module.

For more details about why cubic sampling is used, refer to section
3.4 of https://arxiv.org/abs/2302.08453


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.WuerstchenRandomTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Wuerstchen Random Time Steps module.


	
forward(num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.DDIMTimeSteps(num_ddim_timesteps=50)

	Bases: torch.nn.Module

DDIM Time Steps module.


Args:


num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.





	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	num_ddim_timesteps (int) – 
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Submodules



	diffengine.models.utils.noise
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	WhiteNoise
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	CubicSamplingTimeSteps

	Cubic Sampling Time Steps module.



	DDIMTimeSteps

	DDIM Time Steps module.
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	Earlier biased Time Steps module.



	LaterTimeSteps

	Later biased Time Steps module.



	RangeTimeSteps

	Range biased Time Steps module.



	TimeSteps

	Time Steps module.



	WuerstchenRandomTimeSteps

	Wuerstchen Random Time Steps module.







	
class diffengine.models.utils.OffsetNoise(offset_weight=0.05)

	Bases: torch.nn.Module

Offset noise module.

https://www.crosslabs.org/blog/diffusion-with-offset-noise


Args:


offset_weight (float): Noise offset weight. Defaults to 0.05.





	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	offset_weight (float) – 










	
class diffengine.models.utils.PyramidNoise(discount=0.9, *, random_multiplier=True)

	Bases: torch.nn.Module

Pyramid noise module.

https://wandb.ai/johnowhitaker/multires_noise/reports/
Multi-Resolution-Noise-for-Diffusion-Model-Training–VmlldzozNjYyOTU2


Args:


discount (float): Noise offset weight. Defaults to 0.9.
random_multiplier (bool): Whether to use random multiplier.


Defaults to True.








	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	
	discount (float) – 


	random_multiplier (bool) – 













	
class diffengine.models.utils.WhiteNoise(*args, **kwargs)

	Bases: torch.nn.Module

White noise module.


	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor














	
class diffengine.models.utils.CubicSamplingTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Cubic Sampling Time Steps module.

For more details about why cubic sampling is used, refer to section
3.4 of https://arxiv.org/abs/2302.08453


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.utils.DDIMTimeSteps(num_ddim_timesteps=50)

	Bases: torch.nn.Module

DDIM Time Steps module.


Args:


num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.





	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	num_ddim_timesteps (int) – 










	
class diffengine.models.utils.EarlierTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Earlier biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of earlier time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.utils.LaterTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Later biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of later time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.utils.RangeTimeSteps(bias_multiplier=5.0, bias_begin=0.25, bias_end=0.75)

	Bases: torch.nn.Module

Range biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_begin (float): Portion of begin time steps to bias.


Defaults to 0.25.





	bias_end (float): Portion of end time steps to bias.
	Defaults to 0.75.









	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_begin (float) – 


	bias_end (float) – 













	
class diffengine.models.utils.TimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Time Steps module.


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.utils.WuerstchenRandomTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Wuerstchen Random Time Steps module.


	
forward(num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor


















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.utils.noise


Module Contents


Classes



	WhiteNoise

	White noise module.



	OffsetNoise

	Offset noise module.



	PyramidNoise

	Pyramid noise module.







	
class diffengine.models.utils.noise.WhiteNoise(*args, **kwargs)

	Bases: torch.nn.Module

White noise module.


	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor














	
class diffengine.models.utils.noise.OffsetNoise(offset_weight=0.05)

	Bases: torch.nn.Module

Offset noise module.

https://www.crosslabs.org/blog/diffusion-with-offset-noise


Args:


offset_weight (float): Noise offset weight. Defaults to 0.05.





	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	offset_weight (float) – 










	
class diffengine.models.utils.noise.PyramidNoise(discount=0.9, *, random_multiplier=True)

	Bases: torch.nn.Module

Pyramid noise module.

https://wandb.ai/johnowhitaker/multires_noise/reports/
Multi-Resolution-Noise-for-Diffusion-Model-Training–VmlldzozNjYyOTU2


Args:


discount (float): Noise offset weight. Defaults to 0.9.
random_multiplier (bool): Whether to use random multiplier.


Defaults to True.








	
forward(latents)

	Forward pass.

Generates noise for the given latents.


Args:


latents (torch.Tensor): Latent vectors.






	Parameters:

	latents (torch.Tensor) – 



	Return type:

	torch.Tensor











	Parameters:

	
	discount (float) – 


	random_multiplier (bool) – 

















            

          

      

      

    

  

    
      
          
            
  
diffengine.models.utils.timesteps


Module Contents


Classes



	TimeSteps

	Time Steps module.



	LaterTimeSteps

	Later biased Time Steps module.



	EarlierTimeSteps

	Earlier biased Time Steps module.



	RangeTimeSteps

	Range biased Time Steps module.



	CubicSamplingTimeSteps

	Cubic Sampling Time Steps module.



	WuerstchenRandomTimeSteps

	Wuerstchen Random Time Steps module.



	DDIMTimeSteps

	DDIM Time Steps module.







	
class diffengine.models.utils.timesteps.TimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Time Steps module.


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.utils.timesteps.LaterTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Later biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of later time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.utils.timesteps.EarlierTimeSteps(bias_multiplier=5.0, bias_portion=0.25)

	Bases: torch.nn.Module

Earlier biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_portion (float): Portion of earlier time steps to bias.


Defaults to 0.25.








	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_portion (float) – 













	
class diffengine.models.utils.timesteps.RangeTimeSteps(bias_multiplier=5.0, bias_begin=0.25, bias_end=0.75)

	Bases: torch.nn.Module

Range biased Time Steps module.


Args:


bias_multiplier (float): Bias multiplier. Defaults to 10.
bias_begin (float): Portion of begin time steps to bias.


Defaults to 0.25.





	bias_end (float): Portion of end time steps to bias.
	Defaults to 0.75.









	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	
	bias_multiplier (float) – 


	bias_begin (float) – 


	bias_end (float) – 













	
class diffengine.models.utils.timesteps.CubicSamplingTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Cubic Sampling Time Steps module.

For more details about why cubic sampling is used, refer to section
3.4 of https://arxiv.org/abs/2302.08453


	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.utils.timesteps.WuerstchenRandomTimeSteps(*args, **kwargs)

	Bases: torch.nn.Module

Wuerstchen Random Time Steps module.


	
forward(num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor














	
class diffengine.models.utils.timesteps.DDIMTimeSteps(num_ddim_timesteps=50)

	Bases: torch.nn.Module

DDIM Time Steps module.


Args:


num_ddim_timesteps (int): Number of DDIM timesteps. Defaults to 50.





	
forward(scheduler, num_batches, device)

	Forward pass.

Generates time steps for the given batches.


Args:


scheduler (DDPMScheduler): Scheduler for training diffusion model.
num_batches (int): Batch size.
device (str): Device.






	Parameters:

	
	scheduler (diffusers.DDPMScheduler) – 


	num_batches (int) – 


	device (str) – 






	Return type:

	torch.Tensor











	Parameters:

	num_ddim_timesteps (int) – 














            

          

      

      

    

  

    
      
          
            
  
diffengine.registry


Module Contents


	
diffengine.registry.DATA_SAMPLERS

	




	
diffengine.registry.DATASETS

	




	
diffengine.registry.MODELS

	




	
diffengine.registry.OPTIMIZERS

	




	
diffengine.registry.HOOKS

	




	
diffengine.registry.FUNCTIONS

	




	
diffengine.registry.TRANSFORMS

	







            

          

      

      

    

  

    
      
          
            
  
diffengine.version


Module Contents


	
diffengine.version.__version__

	







            

          

      

      

    

  

    
      
          
            
  
distill_ssd_1b


Module Contents


	
distill_ssd_1b.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
distill_ssd_1b.model

	







            

          

      

      

    

  

    
      
          
            
  
distill_ssd_1b_from_sdxl


Module Contents


	
distill_ssd_1b_from_sdxl.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
distill_ssd_1b_from_sdxl.model

	







            

          

      

      

    

  

    
      
          
            
  
dog_dreambooth


Module Contents


	
dog_dreambooth.train_pipeline

	




	
dog_dreambooth.train_dataloader

	




	
dog_dreambooth.val_dataloader

	




	
dog_dreambooth.val_evaluator

	




	
dog_dreambooth.test_dataloader

	




	
dog_dreambooth.test_evaluator

	




	
dog_dreambooth.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_dreambooth_if


Module Contents


	
dog_dreambooth_if.train_pipeline

	




	
dog_dreambooth_if.train_dataloader

	




	
dog_dreambooth_if.val_dataloader

	




	
dog_dreambooth_if.val_evaluator

	




	
dog_dreambooth_if.test_dataloader

	




	
dog_dreambooth_if.test_evaluator

	




	
dog_dreambooth_if.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_dreambooth_pixart_1024


Module Contents


	
dog_dreambooth_pixart_1024.train_pipeline

	




	
dog_dreambooth_pixart_1024.train_dataloader

	




	
dog_dreambooth_pixart_1024.val_dataloader

	




	
dog_dreambooth_pixart_1024.val_evaluator

	




	
dog_dreambooth_pixart_1024.test_dataloader

	




	
dog_dreambooth_pixart_1024.test_evaluator

	




	
dog_dreambooth_pixart_1024.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_dreambooth_pixart_512


Module Contents


	
dog_dreambooth_pixart_512.train_pipeline

	




	
dog_dreambooth_pixart_512.train_dataloader

	




	
dog_dreambooth_pixart_512.val_dataloader

	




	
dog_dreambooth_pixart_512.val_evaluator

	




	
dog_dreambooth_pixart_512.test_dataloader

	




	
dog_dreambooth_pixart_512.test_evaluator

	




	
dog_dreambooth_pixart_512.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_dreambooth_xl


Module Contents


	
dog_dreambooth_xl.train_pipeline

	




	
dog_dreambooth_xl.train_dataloader

	




	
dog_dreambooth_xl.val_dataloader

	




	
dog_dreambooth_xl.val_evaluator

	




	
dog_dreambooth_xl.test_dataloader

	




	
dog_dreambooth_xl.test_evaluator

	




	
dog_dreambooth_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_inpaint


Module Contents


	
dog_inpaint.train_pipeline

	




	
dog_inpaint.train_dataloader

	




	
dog_inpaint.val_dataloader

	




	
dog_inpaint.val_evaluator

	




	
dog_inpaint.test_dataloader

	




	
dog_inpaint.test_evaluator

	




	
dog_inpaint.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_inpaint_multiple_mask


Module Contents


	
dog_inpaint_multiple_mask.train_pipeline

	




	
dog_inpaint_multiple_mask.train_dataloader

	




	
dog_inpaint_multiple_mask.val_dataloader

	




	
dog_inpaint_multiple_mask.val_evaluator

	




	
dog_inpaint_multiple_mask.test_dataloader

	




	
dog_inpaint_multiple_mask.test_evaluator

	




	
dog_inpaint_multiple_mask.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
dog_inpaint_xl


Module Contents


	
dog_inpaint_xl.train_pipeline

	




	
dog_inpaint_xl.train_dataloader

	




	
dog_inpaint_xl.val_dataloader

	




	
dog_inpaint_xl.val_evaluator

	




	
dog_inpaint_xl.test_dataloader

	




	
dog_inpaint_xl.test_evaluator

	




	
dog_inpaint_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
face_spiga_controlnet


Module Contents


	
face_spiga_controlnet.train_pipeline

	




	
face_spiga_controlnet.train_dataloader

	




	
face_spiga_controlnet.val_dataloader

	




	
face_spiga_controlnet.val_evaluator

	




	
face_spiga_controlnet.test_dataloader

	




	
face_spiga_controlnet.test_evaluator

	




	
face_spiga_controlnet.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
fill50k_controlnet


Module Contents


	
fill50k_controlnet.train_pipeline

	




	
fill50k_controlnet.train_dataloader

	




	
fill50k_controlnet.val_dataloader

	




	
fill50k_controlnet.val_evaluator

	




	
fill50k_controlnet.test_dataloader

	




	
fill50k_controlnet.test_evaluator

	




	
fill50k_controlnet.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
fill50k_controlnet_xl


Module Contents


	
fill50k_controlnet_xl.train_pipeline

	




	
fill50k_controlnet_xl.train_dataloader

	




	
fill50k_controlnet_xl.val_dataloader

	




	
fill50k_controlnet_xl.val_evaluator

	




	
fill50k_controlnet_xl.test_dataloader

	




	
fill50k_controlnet_xl.test_evaluator

	




	
fill50k_controlnet_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
fill50k_t2i_adapter_xl


Module Contents


	
fill50k_t2i_adapter_xl.train_pipeline

	




	
fill50k_t2i_adapter_xl.train_dataloader

	




	
fill50k_t2i_adapter_xl.val_dataloader

	




	
fill50k_t2i_adapter_xl.val_evaluator

	




	
fill50k_t2i_adapter_xl.test_dataloader

	




	
fill50k_t2i_adapter_xl.test_evaluator

	




	
fill50k_t2i_adapter_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
gogh_esd_xl


Module Contents


	
gogh_esd_xl.train_pipeline

	




	
gogh_esd_xl.train_dataloader

	




	
gogh_esd_xl.val_dataloader

	




	
gogh_esd_xl.val_evaluator

	




	
gogh_esd_xl.test_dataloader

	




	
gogh_esd_xl.test_evaluator

	




	
gogh_esd_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
google_backpack_dreambooth_xl


Module Contents


	
google_backpack_dreambooth_xl.train_pipeline

	




	
google_backpack_dreambooth_xl.train_dataloader

	




	
google_backpack_dreambooth_xl.val_dataloader

	




	
google_backpack_dreambooth_xl.val_evaluator

	




	
google_backpack_dreambooth_xl.test_dataloader

	




	
google_backpack_dreambooth_xl.test_evaluator

	




	
google_backpack_dreambooth_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
instructpix2pix_xl


Module Contents


	
instructpix2pix_xl.train_pipeline

	




	
instructpix2pix_xl.train_dataloader

	




	
instructpix2pix_xl.val_dataloader

	




	
instructpix2pix_xl.val_evaluator

	




	
instructpix2pix_xl.test_dataloader

	




	
instructpix2pix_xl.test_evaluator

	




	
instructpix2pix_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
kandinsky_v22_decoder


Module Contents


	
kandinsky_v22_decoder.decoder_model = kandinsky-community/kandinsky-2-2-decoder

	




	
kandinsky_v22_decoder.prior_model = kandinsky-community/kandinsky-2-2-prior

	




	
kandinsky_v22_decoder.model

	







            

          

      

      

    

  

    
      
          
            
  
kandinsky_v22_decoder_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
kandinsky_v22_prior


Module Contents


	
kandinsky_v22_prior.decoder_model = kandinsky-community/kandinsky-2-2-decoder

	




	
kandinsky_v22_prior.prior_model = kandinsky-community/kandinsky-2-2-prior

	




	
kandinsky_v22_prior.model

	







            

          

      

      

    

  

    
      
          
            
  
kandinsky_v22_prior_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
kandinsky_v3


Module Contents


	
kandinsky_v3.base_model = kandinsky-community/kandinsky-3

	




	
kandinsky_v3.model

	







            

          

      

      

    

  

    
      
          
            
  
kandinsky_v3_pokemon_blip


Module Contents


	
kandinsky_v3_pokemon_blip.optim_wrapper

	




	
kandinsky_v3_pokemon_blip.runner_type

	




	
kandinsky_v3_pokemon_blip.strategy

	







            

          

      

      

    

  

    
      
          
            
  
keramer_face_dreambooth


Module Contents


	
keramer_face_dreambooth.train_pipeline

	




	
keramer_face_dreambooth.train_dataloader

	




	
keramer_face_dreambooth.val_dataloader

	




	
keramer_face_dreambooth.val_evaluator

	




	
keramer_face_dreambooth.test_dataloader

	




	
keramer_face_dreambooth.test_evaluator

	




	
keramer_face_dreambooth.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
keramer_face_dreambooth_xl


Module Contents


	
keramer_face_dreambooth_xl.train_pipeline

	




	
keramer_face_dreambooth_xl.train_dataloader

	




	
keramer_face_dreambooth_xl.val_dataloader

	




	
keramer_face_dreambooth_xl.val_evaluator

	




	
keramer_face_dreambooth_xl.test_dataloader

	




	
keramer_face_dreambooth_xl.test_evaluator

	




	
keramer_face_dreambooth_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
lcm_xl


Module Contents


	
lcm_xl.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
lcm_xl.model

	







            

          

      

      

    

  

    
      
          
            
  
lcm_xl_50e


Module Contents


	
lcm_xl_50e.optim_wrapper

	




	
lcm_xl_50e.train_cfg

	




	
lcm_xl_50e.val_cfg

	




	
lcm_xl_50e.test_cfg

	




	
lcm_xl_50e.default_hooks

	







            

          

      

      

    

  

    
      
          
            
  
lcm_xl_lora


Module Contents


	
lcm_xl_lora.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
lcm_xl_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
lcm_xl_lora_pokemon_blip


Module Contents


	
lcm_xl_lora_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
lcm_xl_pokemon_blip


Module Contents


	
lcm_xl_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
list_cfg


Module Contents


Functions



	parse_args()

	



	main()

	Main function.







	
list_cfg.parse_args()

	




	
list_cfg.main()

	Main function.


	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
low_level_image_process_xl


Module Contents


	
low_level_image_process_xl.train_pipeline

	




	
low_level_image_process_xl.train_dataloader

	




	
low_level_image_process_xl.val_dataloader

	




	
low_level_image_process_xl.val_evaluator

	




	
low_level_image_process_xl.test_dataloader

	




	
low_level_image_process_xl.test_evaluator

	




	
low_level_image_process_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pickascore_xl


Module Contents


	
pickascore_xl.train_pipeline

	




	
pickascore_xl.train_dataloader

	




	
pickascore_xl.val_dataloader

	




	
pickascore_xl.val_evaluator

	




	
pickascore_xl.test_dataloader

	




	
pickascore_xl.test_evaluator

	




	
pickascore_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024


Module Contents


	
pixart_alpha_1024.base_model = PixArt-alpha/PixArt-XL-2-1024-MS

	




	
pixart_alpha_1024.model

	







            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024_dreambooth_lora_cat_waterpainting




            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024_dreambooth_lora_dog




            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024_lora


Module Contents


	
pixart_alpha_1024_lora.base_model = PixArt-alpha/PixArt-XL-2-1024-MS

	




	
pixart_alpha_1024_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024_lora_pokemon_blip


Module Contents


	
pixart_alpha_1024_lora_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_1024_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_512_dreambooth_lora_dog




            

          

      

      

    

  

    
      
          
            
  
pixart_alpha_512_lora


Module Contents


	
pixart_alpha_512_lora.base_model = PixArt-alpha/PixArt-XL-2-512x512

	




	
pixart_alpha_512_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip


Module Contents


	
pokemon_blip.train_pipeline

	




	
pokemon_blip.train_dataloader

	




	
pokemon_blip.val_dataloader

	




	
pokemon_blip.val_evaluator

	




	
pokemon_blip.test_dataloader

	




	
pokemon_blip.test_evaluator

	




	
pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_amused_512


Module Contents


	
pokemon_blip_amused_512.train_pipeline

	




	
pokemon_blip_amused_512.train_dataloader

	




	
pokemon_blip_amused_512.val_dataloader

	




	
pokemon_blip_amused_512.val_evaluator

	




	
pokemon_blip_amused_512.test_dataloader

	




	
pokemon_blip_amused_512.test_evaluator

	




	
pokemon_blip_amused_512.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_if


Module Contents


	
pokemon_blip_if.train_pipeline

	




	
pokemon_blip_if.train_dataloader

	




	
pokemon_blip_if.val_dataloader

	




	
pokemon_blip_if.val_evaluator

	




	
pokemon_blip_if.test_dataloader

	




	
pokemon_blip_if.test_evaluator

	




	
pokemon_blip_if.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_kandinsky_decoder


Module Contents


	
pokemon_blip_kandinsky_decoder.train_pipeline

	




	
pokemon_blip_kandinsky_decoder.train_dataloader

	




	
pokemon_blip_kandinsky_decoder.val_dataloader

	




	
pokemon_blip_kandinsky_decoder.val_evaluator

	




	
pokemon_blip_kandinsky_decoder.test_dataloader

	




	
pokemon_blip_kandinsky_decoder.test_evaluator

	




	
pokemon_blip_kandinsky_decoder.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_kandinsky_prior


Module Contents


	
pokemon_blip_kandinsky_prior.train_pipeline

	




	
pokemon_blip_kandinsky_prior.train_dataloader

	




	
pokemon_blip_kandinsky_prior.val_dataloader

	




	
pokemon_blip_kandinsky_prior.val_evaluator

	




	
pokemon_blip_kandinsky_prior.test_dataloader

	




	
pokemon_blip_kandinsky_prior.test_evaluator

	




	
pokemon_blip_kandinsky_prior.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_kandinsky_v3


Module Contents


	
pokemon_blip_kandinsky_v3.train_pipeline

	




	
pokemon_blip_kandinsky_v3.train_dataloader

	




	
pokemon_blip_kandinsky_v3.val_dataloader

	




	
pokemon_blip_kandinsky_v3.val_evaluator

	




	
pokemon_blip_kandinsky_v3.test_dataloader

	




	
pokemon_blip_kandinsky_v3.test_evaluator

	




	
pokemon_blip_kandinsky_v3.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_pixart


Module Contents


	
pokemon_blip_pixart.train_pipeline

	




	
pokemon_blip_pixart.train_dataloader

	




	
pokemon_blip_pixart.val_dataloader

	




	
pokemon_blip_pixart.val_evaluator

	




	
pokemon_blip_pixart.test_dataloader

	




	
pokemon_blip_pixart.test_evaluator

	




	
pokemon_blip_pixart.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_wuerstchen


Module Contents


	
pokemon_blip_wuerstchen.train_pipeline

	




	
pokemon_blip_wuerstchen.train_dataloader

	




	
pokemon_blip_wuerstchen.val_dataloader

	




	
pokemon_blip_wuerstchen.val_evaluator

	




	
pokemon_blip_wuerstchen.test_dataloader

	




	
pokemon_blip_wuerstchen.test_evaluator

	




	
pokemon_blip_wuerstchen.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl


Module Contents


	
pokemon_blip_xl.train_pipeline

	




	
pokemon_blip_xl.train_dataloader

	




	
pokemon_blip_xl.val_dataloader

	




	
pokemon_blip_xl.val_evaluator

	




	
pokemon_blip_xl.test_dataloader

	




	
pokemon_blip_xl.test_evaluator

	




	
pokemon_blip_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_ip_adapter


Module Contents


	
pokemon_blip_xl_ip_adapter.train_pipeline

	




	
pokemon_blip_xl_ip_adapter.train_dataloader

	




	
pokemon_blip_xl_ip_adapter.val_dataloader

	




	
pokemon_blip_xl_ip_adapter.val_evaluator

	




	
pokemon_blip_xl_ip_adapter.test_dataloader

	




	
pokemon_blip_xl_ip_adapter.test_evaluator

	




	
pokemon_blip_xl_ip_adapter.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_ip_adapter_dinov2


Module Contents


	
pokemon_blip_xl_ip_adapter_dinov2.train_pipeline

	




	
pokemon_blip_xl_ip_adapter_dinov2.train_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2.val_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2.val_evaluator

	




	
pokemon_blip_xl_ip_adapter_dinov2.test_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2.test_evaluator

	




	
pokemon_blip_xl_ip_adapter_dinov2.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_ip_adapter_dinov2_giant


Module Contents


	
pokemon_blip_xl_ip_adapter_dinov2_giant.train_pipeline

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.train_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.val_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.val_evaluator

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.test_dataloader

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.test_evaluator

	




	
pokemon_blip_xl_ip_adapter_dinov2_giant.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_ip_adapter_eva02


Module Contents


	
pokemon_blip_xl_ip_adapter_eva02.train_pipeline

	




	
pokemon_blip_xl_ip_adapter_eva02.train_dataloader

	




	
pokemon_blip_xl_ip_adapter_eva02.val_dataloader

	




	
pokemon_blip_xl_ip_adapter_eva02.val_evaluator

	




	
pokemon_blip_xl_ip_adapter_eva02.test_dataloader

	




	
pokemon_blip_xl_ip_adapter_eva02.test_evaluator

	




	
pokemon_blip_xl_ip_adapter_eva02.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_ip_adapter_siglip_384


Module Contents


	
pokemon_blip_xl_ip_adapter_siglip_384.train_pipeline

	




	
pokemon_blip_xl_ip_adapter_siglip_384.train_dataloader

	




	
pokemon_blip_xl_ip_adapter_siglip_384.val_dataloader

	




	
pokemon_blip_xl_ip_adapter_siglip_384.val_evaluator

	




	
pokemon_blip_xl_ip_adapter_siglip_384.test_dataloader

	




	
pokemon_blip_xl_ip_adapter_siglip_384.test_evaluator

	




	
pokemon_blip_xl_ip_adapter_siglip_384.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
pokemon_blip_xl_pre_compute


Module Contents


	
pokemon_blip_xl_pre_compute.train_pipeline

	




	
pokemon_blip_xl_pre_compute.train_dataloader

	




	
pokemon_blip_xl_pre_compute.val_dataloader

	




	
pokemon_blip_xl_pre_compute.val_evaluator

	




	
pokemon_blip_xl_pre_compute.test_dataloader

	




	
pokemon_blip_xl_pre_compute.test_evaluator

	




	
pokemon_blip_xl_pre_compute.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
potatohead_dreambooth_xl


Module Contents


	
potatohead_dreambooth_xl.train_pipeline

	




	
potatohead_dreambooth_xl.train_dataloader

	




	
potatohead_dreambooth_xl.val_dataloader

	




	
potatohead_dreambooth_xl.val_evaluator

	




	
potatohead_dreambooth_xl.test_dataloader

	




	
potatohead_dreambooth_xl.test_evaluator

	




	
potatohead_dreambooth_xl.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
publish_model2diffusers


Module Contents


Functions



	parse_args()

	



	process_checkpoint(runner, out_dir[, save_keys])

	



	main()

	







	
publish_model2diffusers.parse_args()

	




	
publish_model2diffusers.process_checkpoint(runner, out_dir, save_keys=None)

	
	Return type:

	None










	
publish_model2diffusers.main()

	
	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
show_vae


Module Contents


Functions



	parse_args()

	



	main()

	







	
show_vae.parse_args()

	




	
show_vae.main()

	
	Return type:

	None














            

          

      

      

    

  

    
      
          
            
  
small_sd_dreambooth_lora_dog




            

          

      

      

    

  

    
      
          
            
  
small_sd_dreambooth_lora_keramer_face


Module Contents


	
small_sd_dreambooth_lora_keramer_face.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
small_sd_lora


Module Contents


	
small_sd_lora.base_model = segmind/small-sd

	




	
small_sd_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
small_sd_xl


Module Contents


	
small_sd_xl.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
small_sd_xl.model

	







            

          

      

      

    

  

    
      
          
            
  
small_sd_xl_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
ssd_1b_distill_from_sdxl_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
ssd_1b_distill_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
ssd_1b_dreambooth_lora_dog




            

          

      

      

    

  

    
      
          
            
  
ssd_1b_lora


Module Contents


	
ssd_1b_lora.base_model = segmind/SSD-1B

	




	
ssd_1b_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_1e


Module Contents


	
stable_diffusion_1e.optim_wrapper

	




	
stable_diffusion_1e.train_cfg

	




	
stable_diffusion_1e.val_cfg

	




	
stable_diffusion_1e.test_cfg

	




	
stable_diffusion_1e.default_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_1k


Module Contents


	
stable_diffusion_1k.optim_wrapper

	




	
stable_diffusion_1k.train_cfg

	




	
stable_diffusion_1k.val_cfg

	




	
stable_diffusion_1k.test_cfg

	




	
stable_diffusion_1k.default_hooks

	




	
stable_diffusion_1k.log_processor

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_3e


Module Contents


	
stable_diffusion_3e.optim_wrapper

	




	
stable_diffusion_3e.train_cfg

	




	
stable_diffusion_3e.val_cfg

	




	
stable_diffusion_3e.test_cfg

	




	
stable_diffusion_3e.default_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_500


Module Contents


	
stable_diffusion_500.optim_wrapper

	




	
stable_diffusion_500.train_cfg

	




	
stable_diffusion_500.val_cfg

	




	
stable_diffusion_500.test_cfg

	




	
stable_diffusion_500.default_hooks

	




	
stable_diffusion_500.log_processor

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_50e


Module Contents


	
stable_diffusion_50e.optim_wrapper

	




	
stable_diffusion_50e.train_cfg

	




	
stable_diffusion_50e.val_cfg

	




	
stable_diffusion_50e.test_cfg

	




	
stable_diffusion_50e.default_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_inpaint


Module Contents


	
stable_diffusion_inpaint.base_model = runwayml/stable-diffusion-inpainting

	




	
stable_diffusion_inpaint.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_inpaint_dog




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_inpaint_dog_multi_mask




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15


Module Contents


	
stable_diffusion_v15.base_model = runwayml/stable-diffusion-v1-5

	




	
stable_diffusion_v15.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_controlnet


Module Contents


	
stable_diffusion_v15_controlnet.base_model = runwayml/stable-diffusion-v1-5

	




	
stable_diffusion_v15_controlnet.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_controlnet_face_spiga




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_controlnet_fill50k




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_dreambooth_lora_dog




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_ema_pokemon_blip


Module Contents


	
stable_diffusion_v15_ema_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_lora


Module Contents


	
stable_diffusion_v15_lora.base_model = runwayml/stable-diffusion-v1-5

	




	
stable_diffusion_v15_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_lora_pokemon_blip


Module Contents


	
stable_diffusion_v15_lora_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_lora_textencoder


Module Contents


	
stable_diffusion_v15_lora_textencoder.base_model = runwayml/stable-diffusion-v1-5

	




	
stable_diffusion_v15_lora_textencoder.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_lora_textencoder_pokemon_blip


Module Contents


	
stable_diffusion_v15_lora_textencoder_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_snr_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_textencoder


Module Contents


	
stable_diffusion_v15_textencoder.base_model = runwayml/stable-diffusion-v1-5

	




	
stable_diffusion_v15_textencoder.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v15_textencoder_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v21_dreambooth_lora_dog


Module Contents


	
stable_diffusion_v21_dreambooth_lora_dog.train_pipeline

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_v21_lora


Module Contents


	
stable_diffusion_v21_lora.base_model = stabilityai/stable-diffusion-2-1

	




	
stable_diffusion_v21_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl


Module Contents


	
stable_diffusion_xl.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_50e


Module Contents


	
stable_diffusion_xl_50e.optim_wrapper

	




	
stable_diffusion_xl_50e.train_cfg

	




	
stable_diffusion_xl_50e.val_cfg

	




	
stable_diffusion_xl_50e.test_cfg

	




	
stable_diffusion_xl_50e.default_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_cartoonization




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_controlnet


Module Contents


	
stable_diffusion_xl_controlnet.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_controlnet.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_controlnet_fill50k




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_controlnet_mid_fill50k




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_controlnet_small_fill50k




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_dpo


Module Contents


	
stable_diffusion_xl_dpo.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_dpo.model
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stable_diffusion_xl_dreambooth_lora_cat_waterpainting
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stable_diffusion_xl_dreambooth_lora_google_backpack




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_dreambooth_lora_keramer_face




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_dreambooth_lora_potatehead




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_dreambooth_lora_starbucks




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_esd


Module Contents


	
stable_diffusion_xl_esd.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_esd.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_gogh_esd


Module Contents


	
stable_diffusion_xl_gogh_esd.optim_wrapper

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_inpaint


Module Contents


	
stable_diffusion_xl_inpaint.base_model = diffusers/stable-diffusion-xl-1.0-inpainting-0.1

	




	
stable_diffusion_xl_inpaint.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_inpaint_dog


Module Contents


	
stable_diffusion_xl_inpaint_dog.optim_wrapper

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_instruct_pix2pix




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_instruct_pix2pix_pretrained


Module Contents


	
stable_diffusion_xl_instruct_pix2pix_pretrained.base_model = diffusers/sdxl-instructpix2pix-768

	




	
stable_diffusion_xl_instruct_pix2pix_pretrained.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_ip_adapter


Module Contents


	
stable_diffusion_xl_ip_adapter.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_ip_adapter.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_ip_adapter_plus


Module Contents


	
stable_diffusion_xl_ip_adapter_plus.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_ip_adapter_plus.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_ip_adapter_plus_eva02


Module Contents


	
stable_diffusion_xl_ip_adapter_plus_eva02.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_ip_adapter_plus_eva02.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_loha


Module Contents


	
stable_diffusion_xl_loha.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_loha.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_loha_pokemon_blip


Module Contents


	
stable_diffusion_xl_loha_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lokr


Module Contents


	
stable_diffusion_xl_lokr.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_lokr.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lokr_pokemon_blip


Module Contents


	
stable_diffusion_xl_lokr_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora


Module Contents


	
stable_diffusion_xl_lora.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_lora.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora_conv1x1_pokemon_blip


Module Contents


	
stable_diffusion_xl_lora_conv1x1_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora_conv3x3_pokemon_blip


Module Contents


	
stable_diffusion_xl_lora_conv3x3_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora_pokemon_blip


Module Contents


	
stable_diffusion_xl_lora_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora_v_prediction_pokemon_blip


Module Contents


	
stable_diffusion_xl_lora_v_prediction_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_lora_waterpainting




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_low_level_image_process




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_oft


Module Contents


	
stable_diffusion_xl_oft.base_model = stabilityai/stable-diffusion-xl-base-1.0

	




	
stable_diffusion_xl_oft.model

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_oft_pokemon_blip


Module Contents


	
stable_diffusion_xl_oft_pokemon_blip.custom_hooks

	







            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_pokemon_blip




            

          

      

      

    

  

    
      
          
            
  
stable_diffusion_xl_pokemon_blip_colossal


Module Contents


	
stable_diffusion_xl_pokemon_blip_colossal.custom_hooks

	




	
stable_diffusion_xl_pokemon_blip_colossal.runner_type

	




	
stable_diffusion_xl_pokemon_blip_colossal.strategy
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